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Preface 


To solve the problems that modern science and technolo- 
gy pose, specialists must not only possess a certain vol- 
ume of knowledge but must be able to freely apply this 
knowledge. The aim of the present collection of questions 
and problems is to develop practical skills during study 
of one of the fundamental sciences, physics. The Collec- 
tion is intended for the self-instruction of students of 
technical colleges. The best way to use it is to solve the 
problems while preparing for term exams. 

The Collection contains more than 400 questions and 
problems covering all the sections of the physics course. 
All questions and problems have detailed answers and 
solutions. For this reason the two main sections of the 
book, Questions and Problems and Answers and Solu- 
tions, have identical headings and numbering: each chapter 
in the first section has a corresponding chapter in the sec- 
ond, and the numbering of answers corresponds to the 
numbering of problems. 

A special feature of the Collection is the drawings and 
diagrams for most of the questions and answers. The 
diagrams use a variety of scales: linear, semilog, log-log, 
and quadratic. 

Arrangement of the material in this Collection corres- 
ponds to the structure most commonly used in college 
physics textbooks. One exception is the questions and 
problems involving the special theory of relativity. These 
are placed in different chapters, starting from the one 
dealing with mechanics. 

While preparing the manuscript, I received many sugges- 
tions and comments from institutions of higher learn- 
ing in Leningrad, Moscow, and Tomsk. I take this 
opportunity to thank all who helped to improve this 
book. I am particularly grateful to Professors I. A. Ya- 
kovlev, B. M. Smirnov, V. A. Fabrikant, and S. Ya. Shats. 
I would also like to thank Prof. A. G. Chertov and the 
Department of General Physics at the Moscow Physical 
Engineering Institute for most useful comments offered 


while reviewing this book. 
L. A. Sena 
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Postface 335 


A drawing is the source and soul 
of every image and the root of every 
science." 


Michelangelo 


Introduction 


The student put down his record book and picked up an 
examination card. Upon reading it, he gasped: “My Godl 
What will I do?” Judging by his face, one would think 
he held at the very least a poisonous snake. The assign- 
ment on the card read: “The velocity distribution of mol- 
ecules; the Maxwellian curve.” The student was not re- 
quired to derive the formula or even write out the formu- 
la. All he had to do was to draw the curve and explain its 
physical meaning. Another student, in drawing the van 
der Waals isotherm depicted something resembling a ca- 
mel with two humps; moreover, the curve passed through 
the origin. Still another student, while explaining the 
idea behind the Stern experiment, made the outer cylin- 
der rotate while the inner cylinder remained fixed. Fi- 
nally, to the question of how the temperature of a gas 
changes under adiabatic expansion a student gave the 
following "reasonable" answer: since objects expand when 
heated, and the gas expanded in the experiment, the 
temperature must have risen. 

Unfortunately, examples of such answers abound. We 
are not speaking of the excellent student or even of the 
average student, of course. Yet it can be said without 
exaggeration that for many students "qualitative" ques- 
tions and problems present many more difficulties than 
the derivation of formulas. The situation is especially 
bad with the building of diagrams and sketching of ex per- 
iments. College instructors and lecturers often complain 
of the low level of school instruction, but complaints are 
of no help. Hence, it is essential to develop a student's 
creative thinking and ability to analyze physical phe- 
nomena. 

It was this that prompted me to draw on more than a 
half-century of instruction at colleges in Leningrad and 
compile the present collection of questions and problems. 
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The book was conceived literally as a teaching aid; it is 
intended to help the student in the physics course at the 
freshman level. The main emphasis is on the use of dia- 
grams and sketches. A drawing makes the essence of a 
problem clearer and assists the development of "qualita- 
tive" thinking. That is why I have chosen Michelangelo's 
remarkable words for the epigraph to this work. 

The questions and problems found here encompass prac- 
tically all sections of the physics course studied in a 
technical college. Since some colleges give greater stress 
to certain topics, the book includes a number of ques- 
tions and problems intended for a well-prepared student. 
This feature makes it possible to use the book to some 
extent in the physics departments of universities and 
the physics and mathematics departements of teachers' 
colleges. On the other hand, some problems require only 
knowledge within the scope of secondary school, though 
these are usually not considered in the school syllabus in 
such form. 

All questions and problems have detailed answers and 
solutions. At times a variety of solutions are given. One 
may be based on dimensionality considerations, while 
another is achieved through direct integration. The major- 
ity of answers and solutions are analyzed and discussed. 
Sometimes practical applications are given to show how 
per une the specific phenomena and laws are encoun- 
ered. 

In compiling this collection I did not aim at selecting 
the most difficult or the least difficult questions and 
problems, The range of difficulty is considerable. The 
ook is structured in such a way that all students, from 
Ifa mide M to the not-so-well-prepared, can use it. 
n on s not able to answer a question or solve a 
will hel n out help, a careful study of the solution 
his A hs x to vier the theory involved and solve on 
redu eke st the simpler problems and then the more 
An lcated. A well-prepared student will be able to 

most of the problems, but even he will find it 


i Mone his solution with the one given in the 
sults. nd to read the accompanying discussion of the re- 


T : x AA : 

"E dee is questions it is sufficient at times to read 

e bo oe at the diagram, and Write the approp- 
a. On the other hand, some problems require 
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constructing a diagram or even reconstructing the diagram 
accompanying the problem. Others necessitate making 
simple mathematical transformations, still others solving 
ihe problem in general form, using the necessary con- 


cepts of mathematics. 
In this connection the question of the role and necessa- 


ry level of mathematical knowledge arises. I have as- 
sumed that what the student learns in the accompanying: 
mathematical course may and must be employed when 
necessary. I object to what is jokingly called the “formu- 
lization” of physics, but I also object to ignoring the 
possibilities offered by mathematics. A knowledge of 
mathematics is essential for a study of special disciplines. 
And, vice versa, a study of these disciplines is extremely 
useful for a deeper understanding of mathematical con- 
cepts and methods. Bearing all this in mind, I have set 
as the “upper limit” the use of the most simple ordinary 
differential equations of an order no higher than the 
second. 

Notwithstanding the great convenience of the symbol- 
ic method in the theory of oscillations and the theory of 
alternating currents, the respective problems have been 
solved by the common trigonometric method with occa- 
sional employment of the vector concept. This is done 
for the simple reason that the symbolic method is not 
studied in the course of general physics in most technical 
colleges, and justifiably, I believe, because for first-year 
students the method is too formal and lacks pictorial 


clarity. 
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Questions and Problems 


1. Fundamentals of Mechanics 


1.1. A wind is blowing with a constant velocity v in the 
direction denoted by the arrow in the figure. Two air- 
planes start out from a point A and fly with a constant 
speed c. One flies against the wind to a point P and then 
returns to point A, while the other flies in the direction 
perpendicular to the wind to a point C and then returns 
to point A. The distances AB and AC are the same. 


Which plane will return to point A first and what will be 
the ratio of the flight times of the two planes? 

1.2. A boat is moving across a river whose waters flow 
with a velocity u. The velocity of the boat with respect 
to the current, vp, is directed at an angle « to the line 
perpendicular to the current, What will be the angle 0 at 
which the boat moves with respect to this line? What 
will be the velocity v of the boat with respect to the river 
banks? What should be the angle at which the boat moves 


directly across the current. with given u and v? 
1.3. From a 


1 get to a point B on the opposite 
bank. All the distances are shown in the figure. The per- 
son uses a boat to travel across the channel and then 
40 


walks along the bank to point B. The velocity of the 
boat is v, and the velocity of the walking person is v,. 
Prove that the fastest way for the person to get from A 


Fig. 1.3 


to B is to select the angles a, and œ, in such a manner 
that (sin a,/(sin a») = vj/vs. 

1.4. An object slides without friction down an inclined 
plane from a point B to a point C that is distant a from 


B 
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Fig. 1.4 Fig. 1.5 


a point A. At what height k (or at what angle «) is the 
sliding time minimal? 

1.5. The time dependence of the lengths of the paths of 
two bodies moving in a straight line is given by curves a 
and b, respectively. What curve corresponds to accelerat- 
ed motion and what curve to decelerated motion? 

1.6. A material particle is moving along a straight line 
in such a manner that its velocity varies as shown in the 
figure. At which moment in time numbered successively on 
the time axis will the acceleration of the particle be max- 
imal? How should one use the graph to determine the 
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average velocity of motion over the time interval from 
tà to t? : k f 1 , 

1.7. The velocity of a particle moving in a straight line 
varies with time in such a manner that the v vs. curve 
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is represented by one half of an ellipse. The maximal ve- 
locity is vm and the total time of motion is t. What is 
the path traversed by the particle and the average veloci- 
ty over t? Can such motion actually occur? : 

1.8. The velocity of a particle decreases in relation to 
the path traversed according to the linear law v = vy — 
ax. After what time will the particle get to a point B 
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Fig. 1.8 Fig. 1.9 
that lies on the axis of abscissas distant £m from the ori- 
gin of coordinates? 


1.9. The velocity of a particle moving in a straight line 
increases according to the linear law p — Ug + kx. How 
does the acceleration change in the course of such mo- 
T decrease or stay constant? 

the “timetable” of a train, the de- 
pendence of the Speed of the train on the distance trav- 
eled. How can this graph 
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1.11. A rod of length I leans by its upper end against a 
smooth vertical wall, while its other end leans against 
the floor. The end that leans against the wall moves uni- 


y D 
V $ 
[onm 
—— 
— ; 
Ü X 0 X 


Fig. 1.10 Fig. 1.11 


formly downward. Will the other end move uniformly, 
too? 

1.12. An object is thrown upward with an initial veloc- 
ity vy. The drag on the object is assumed to be propor- 
tional to the velocity. What time will it take the object 
to move upward and what maximal altitude will it 
reach? 

1.13. At a certain moment in time the angle between 
the velocity vector v of a material particle and the acce- 
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Fig. 1.13 Fig. 1.14 


leration vector w of that particle is 0. What will be the 
motion of the particle at this moment for different 0's: 
rectilinear or curvilinear, accelerated or uniform or de- 


celerated? A ^ ; 

1.14. A particle is moving along an expanding spiral in 
such a manner that the particle's normal acceleration 
remains constant. How will the linear and angular veloc- 


ities change in the process? 
13 


1.15. A particle is moving in a circular orbit with æ 
constant tangential acceleration. After a certain time £ 
has elapsed after the beginning of motion, the angle be- 
tween the total acceleration w and the direction along 
the radius R becomes equal to 45°. What is the angular 
acceleration of the particle? 

1.16. An object is thrown at an angle c to the horizon- 
tal (0° < œ < 90°) with a velocity Vo. How do the nor- 


S 


Fig. 1.15 Fig. 1.16 


mal acceleration Wn and the tangential acceleration Ut 
vary in the process of ascent if the drag is ignored? 

1.17. At the foot of a hill a certain velocity is imparted 
to a sled, as a result of which the sled moves up the hill 


P udi Oe. 
Fig. 1.17 Fig. 1.18 


to a point A and then down the hill. What are the direc- 


tions of the normal and tangential components of the 
acceleration at point 4? 


1.18. An object moves 
surface. What are the d 
gential components of t 
sible point? 

1.19. A stunt rider on a unicycle is riding around the 
arena of a circus in a circle of radius R. The radius of the 
wheel of the unicycle is r and the angular velocity with 
14 


without friction along a concave 
irections of the normal and tan- 
he acceleration at the lowest pos- 


which the wheel rotates is o. What is the angular accele- 
ration of the wheel? (Ignore the fact that the wheel axis is 
inclined.) 

1.20. A liquid has been poured into a cylindrical vessel 
of mass M (the mass of the vessel bottom can be ighored) 
and height H. The linear density of the liquid, that is, the 
ratio of the mass of the liquid column to its height, is ô. 


Fig. 1.19 Fig. 1.20 Fig. 1,21 


What is the height z of the column of liquid at which the 
common center of gravity of the liquid plus the vessel is 
in the lowest position? 

1.21. A cone-shaped funnel is being rotated with con- 
stant angular velocity o. An object is placed on the inner 


Fig. 1.22 Fig. 1.24 


wall of the funnel. The object can freely move along the 
generatrix of the cone, but during the motion of the 
funnel the body is in a state of equilibrium. Is this equi- 
librium stable or unstable? 
1.22. A vessel filled with water is moving horizontally 
with constant acceleration w. What shape will the surface 
of the liquid have? 

15 


1.23. Aliquid has been poured into a cylindrical vessel. 
"What shape will the surface of the liquid have if the 
vessel is rotated uniformly about its axis with an angular 
velocity o? 

1.24. A piece of cork has been attached to the bottom 
of a cylindical vessel that has been filled with water and 
is rotating about the vertical axis with a constant angu- 
lar velocity o. At some moment the cork gets free and 
comes to the surface. What is the trajectory along which 
the cork moves to the surface: does it approach the wall 
or the axis or does it move vertically upward? 

1.25. A force acting on a material particle of mass m 
first grows to a maximum value Fm and then decreases to 


Fm 


t 
! n —- 


Fig. 1.25 


zero. The force varies with time according to a linear 
law, and the total time of motion is tm. What will be the 
velocity of the particle by the end of this time interval if 
the initial velocity is zero? 

1.26. Along which of the two trajectories, the horizon- 
tal line ac'b or the broken line consisting of two straight 


a c b 
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Fig. 1.26 Fig. 1.27 


segments (ac and cb 
in displacing an o 
same for all three 
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), will the work performed by a force 
bject be greater if the friction is the 
straight segments? 


1.27. An object of mass m is sliding down a hill of ar- 
bitrary shape and, after traveling a certain horizontal 
path, stops because of friction. The friction coefficient 
may be different for different segments of the entire path 
but it is independent of the velocity and direction of 
motion. Find the work that a force must perform to re- 
turn the object to its initial position along the same 


path. 
1.28. The dependence of the potential energy of an 


2 


object on its position is given by the equation W = az* 


0 X 
Fig. 1.28 Fig. 1.29 


(a parabola). What is the law by which the force acting 
on the object varies? 

1.29. An object whose density is pop falls from a certain 
height into a liquid whose density is pria: In the figure 
the potential energy W of the object is plotted along the 
vertical axis and the position of the object (its altitude) 
is plotted along the horizontal axis. The potential energy 
of the object at the level of the liquid is taken zero and 
the positive direction of the vertical axis (the W axis) is 
the one pointing upward from the liquid’s surface. De- 
termine which of the five straight lines, 1-3, corresponds 
lo an object with the highest density and which to an 
object with the lowest density. Is there a straight line 
among these five for which po» = (1/2) Piia? The arrows 
on the straight lines point in the direction of motion 0 
the object. 
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1.30. The dependence of the potential energy W of the 
interaction between two objects on the distance r sepa- 
rating them is shown in the figure. What will be the 
distances between the objects that correspond to equilib- 
rium positions? At what distance will the equilibrium 
be stable? (Answer the same question for unstable equi- 
librium.) What segments of the curve correspond to a re- 
pulsive force and what segments, to an attractive force? 
1.31. A load of mass m, is hanging from a string. A bul- 
let flying horizontally hits the load. Three cases are pos- 
sible here, namely, (1) the bullet pierces the load and, 


m 


Fig. 1.30 Fig. 1.31 


ae à fraction of its velocity, continues its flight. 
( EUM gels stuck in the load, and (3) the bulle! 
ecolis Irom the load. In which of these three cases Wi 


us idum deflected by an angle œ with the greatest 
nagnitude and in which will it be deflected by an angle 
with the smallest magnitude? 
1.32. Two spheres of equ 


x C al mass c ide zi ji- 
sion being absolutely s collide, with the co 


: - elastic but not central. Prove that 
inthis ones ; à entral. Prove t 
must be am angle between the velocities after collision 


m nm of mass m, impinges with a velocity Ve 
collision i al Sn ma that is at rest, with m, > my. The 
mazima s absolutely elastic but not central. By what 

mą angle 0 will the impinging sphere be deflected? 


34. 

angles s enn of equal mass are moving at rig 

e rioment, M octies that are equal in magnitude. At 
of collision the velocity vector of sphere Z 15 
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directed along the straight line connecting the centers of 
the spheres. The collision is absolutely elastic. Plot the 
velocity vectors before and after collision in different 
coordinate systems: (1) in the laboratory system (in this 
system the velocities of the spheres are those specified 
above), (2) in the coordinate system connected with the 
center of mass of the two spheres, and (3) and (4) in the 
coordinate systems linked to each of the spheres. 

1.35. The centers of the spheres 7, 2, and 3 lie on a 
single straight line. Sphere Z is moving with an (initial) 
velocity v, directed along this line and hits sphere 2. 


h 
ji ^ 
aim ! 
CO : 
>< 
/ \ E m 
CEO © 
my m mi mg 
Fig. 1.34 Fig. 1.35 Fig. 1.37 


Sphere 2, acquiring after collision a velocity vs, hits 
sphere 3. Both collisions are absolutely elastic. What must 
be the mass of sphere 2 for the sphere 3 to acquire max- 
imum velocity (the masses m, and mg of spheres 7 and 
3 are known)? 

1.36. A sphere of mass m, moving with a velocity vo 
hits a sphere of mass ms that is at rest. The collision is 
absolutely elastic and central. The velocities of the 
spheres after collision are u, and us, respectively. What 
are the mass ratios for the following values of velocities: 
u, = 0, u, < 0, and u, > 0? 

1.37. A device often used to illustrate the laws of uni- 
formly accelerated motion is the Atwood machine. The 
machine consists of two loads of mass m, and mg at- 
tached to the ends of a limp but inextensible string. The 
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string runs over a pulley. The acceleration with which the 
loads move is 
20 mı— ma 
m m+ mg & 

whereas the angular acceleratiou of the pulley is ignored. 
Is the last assumption true for exact calculations? 

1.38. Strings are wound around a shalt and a sheave of 
equal mass, and a load is attached to the end of cach 
string (the loads have equal mass). Which of the two loads 


Shaft 


Fig. 1.38 Fig. 1.41 


will descend with a greater acceleration and which of tho 
rotating objects, the shaft or the sheave, has a greater an- 
gular acceleration? 
1.39. A vacuum cleaner standing on the floor turns 
through a small angle when switched on and then stops. 
Why does this happen? 
1.40. A number of types of helicopters, among which 
are the Soviet-made "Mi" helicopters and the Westland 
Whirlwinds designed for use by Queen Elizabeth Il; 
utilize one main rotor and a small vertical tail rotor- 
IN is the function of this second rotor? 

41. A rod whose lower end is sliding along the hori- 
en staat topple from the vertical position- 

e i r i 
nl te Fe 2 ocity of the upper end when this 
m thin rod of length 2R and mass m is standing 
librium i y) * à perfectly smooth floor. The state of equi- 
ni n which the rod is at rest is unstable, and the rot 
- Find the trajectories that the various points of the 
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rod describe and the velocity with which the upper end 
of the rod hits the floor. 

1.43. A homogeneous rod AB is lying on a perfectly 
smooth floor. A bullet hits the rod and gets stuck in it. 
The direction of the bullet's initial velocity vo is perpen- 
dicular to the rod, and the point where the bullet hits 
the rod lies at a distance z from the middle of the rod. 
The mass of the bullet is m and the mass of the rod is M. 


Fig. 1.43 Fig. 1.44 


Will a velocity directed in opposition lo Vo be imparted 
to end A at the first moment after the collision? 
1.44. The axis AB of a gyroscope is mounted in a frame 
that can rotate about the axis CD. This frame is mount- 
ed, via vertical supports CC’ and DD’, on a horizon- 
tal platform which, in turn, can rotate about the axis 
EF. At first the platform is at rest and the gyroscope is 
rotating in the direction designated by arrow 7. Then 
the platform begins to rotate in the direction designated 
by arrow 2. How will the gyroscope’s axis change its 
position in space? 
1.45. A top is spinning in the direction designated by the 
arrow in the figure. In what direction does the preces- 
sion of the top occur? 
1.46. A shaft whose diameter is d and length is l is ro- 
tating without friction in bearings with an angular veloc- 
ily @ . A sleeve of height kh and outer diameter D is 
fitted on the shaft (the materials of the sleeve and the 
shaft are the same). At first the sleeve ig nol, contacted 
&CERT,WB LIBRARY Z7 € m 2 
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with the shaft and is at rest. Then at some moment the 
sleeve is clamped to the shaft. What will be the common 
angular velocity of the shaft plus the sleeve? 


Fig. 1.45 Fig. 1.46 


1.47. A disk and a sphere roll off two inclined planes of 
the same altitude and length. Which of the two objects 
will get to the bottom of the respective plane first? How 
does the result depend on the masses and diameters of 
the disk and the sphere? 

1.48. A spacecraft is circling the carth Æ along an ellip- 
tical orbit. How must the velocity of the spacecraft at 


Fig. 1.48 Fig. 1.50 


perigee P and apogee A be cha 

follow a circular orbit? 

1, 19. Several artificial satellites of the same mass aro 

ge the earth along circular orbits of different radii: 

: y do the kinetic, potential, and total energies an 

ngular momenta of the satellites depend on the radii of 

the orbits? 

m Pe as orbital Space stations are circling the earth 
ng different orbits: one along a circular orbit and the 
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nged so that the spacecralt 


other two along elliptical orbits whose major axes are 
equal to the diameter of the circular orbit. The masses 
of the stations are the same. Will the energies and angu- 
lar momenta of the stations coincide or will they be 
different? 

1.51. A spacecraft is circling the earth along a circular 
orbit and retains its orientation with respect to the earth. 
Is zero gravity inside the spacecraft absolute in this 
case? 

1.52. A comet flies into the solar system from remote 
outer space. The trajectory of the comet is a branch of 


Fig. 1.52 


lo e 


Fig. 1.51 Fig. 1.94 


a hyperbola. Can the comet become a satellite of the sun 
S if the interaction of the comet with the planets of the 
solar system is ignored? : 

1.53. What shape will a round disk have if viewed from 
a system ol coordinates with respect to which the disk is 
moving with a certain velocity directed along the diame- 
ter of the disk? 

1.54. An isosceles right triangle is moving with respect 
to a system of coordinates with a velocity v directed 
along the hypotenuse. When viewed from this system, the 
triangle appears to be an equilateral triangle. Find the 
velocity with which the triangle is moving with respect 
to this system. 

1.55. The various relationships that exist between time 
intervals, coordinates, and velocities in the special theory 
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of relativity are conveniently illustrated via a system 
of coordinates in which on the axes we lay oll either 
distance and time multiplied by the speed of light or 
time and distance divided by the speed of light. Curves 
that represent motion in such systems are known as world 
lines. Various world lines are shown in the figure in the 
ale vs. t coordinates. What does each line represent? Is 
there a line that contradicts the main principles of rela- 
tivity theory? 
1.56. A world line is directed at an angle 0 to the a/c 
axis (see Problem 1.55). What is the ratio of the kinetic 
energy calculated via the formula of relativity theory to 
the value calculated via the formula of classical mech- 
anics? Take the Specific case of 0 — 60? as an example. 
Dp Two Syslems are moving with respect to each 
other with a certain velocity. The motion of one system 
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In terms of the coordinates zle 
ino by a world line directed al an angle 0 to 
e vC axis. After a time interval Ty reckoned from the 

origin of coordinates hi i i 
ates has elapsed, one System sends a sig- 


nal to the other. After what time wi 
svete te hat time will the second system 


1.58. Three systems, 


and £ of the other system 


two systems are synchronized. At this moment system A 
begins emitting signals directed at B and separated by 
equal time intervals Tọ. This continues until A comes 
alongside C (Figure (c)), with JV signals being set over 
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the entire interval between the encounters. At this mo- 
ment the clock in C is synchronized with the clock in A 
and system C starts to send signals directed at B that. are 
separated by the same time intervals To. Find the differ- 
ence in readings of the clock in B and C when these two 
systems come alongside (Figure (d)). 


2. Molecular Physics and Thermodynamics 


2.1. Two balloons of the same volume are filled with 
gases at the same pressure, one with hydrogen and the 
other with helium. Which of the two has the greater buoy- 
ancy (including the weight of the bag) and what is the 
ratio of buoyancies? 

2.2. Which of the lines in the figure reflects correctly 
on the log-log scale the temperature dependence of the 
root-mean-square velocity of molecules? 

2.3. Why is the trace of the silver molecules in the 
Stern experiment for measuring the velocities of mole- 
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mure (amd 

i se of fixed cylinders (Figure (a)) anc 

sules sharp in the case of fixed cy { VPIBUDE Vi ; 

cies app the case of rotating cylinders (Figure (b)) 
urr as 


logT 


(5) 
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2.4. Usually, in depicting the results ptis esi pe 
iment, one registers the positions 7 and 2 of M ide ee 
Figure (a)). However, a studen depicted mite " 
ies Mist in Figure (b). The instructor remora iR 
such a position of traces contradicts the one ian aha 
sults, and yet the student was able to defenc a Pa 
Under what condition can such an experimenta = pond, 
occur? What are the chances of encountering it in : 
experiments? "Idv, 
23. The functions F (p) = dN/dvand f (v) = (UN) oe 
with N the number of molecules having ve es 
and No the total number of molecules in a given e (b) 
are laid off on the vertical axes in Figures (a) a "Rd 
respectively. What is the physical meaning of e: 
hatched segment in these figures? : V 
2.6. All the ordinates of curve 2 are twice the = "ie 
sponding ordinates of curve 7. What is the ise E 
tween the velocity distribution functions represented b; 
these curves? he 
A segment from velocity U, to velocity v; on l A 
graph representing the velocity distribution function s 
isolated (see Figure (b) accompanying Problem 2.5). Ho I 
can we on the basis of this graph determine the energy M 
all the molecules whose velocities lie within the specific 


range and the average energy of these. molecules? 
26 


2.8. The velocity distribution for molecules can be 
represented as a function of the ratio of the given velocity 


to the most probable one. It is then expedient to lay off 
on the vertical axis the ratio of the value of the function 
for the given velocity to the value of the function for the 
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most probable velocity. Will the distribution curve con- 
structed in this manner be valid for different gases, di ffer- 
ent number of molecules, and different temperatures or 
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Purve i for 

will it be necessary to reconstruct the curve anew fo 
ase? 

: case? "OW" y d 
pun The Maxwellian distribution can be Yong m s 
nl i ti f molecule velocities but also by 4 
nly by a function o : € i tao Dy a 
a a the energies of the molecules. This uor 
function gives the number of molecules whose energ 
lie within the interval from w to w -+ dw, or 


dN = Nf (w) dw. (2.9.1) 


Find the expression for this Si dm and see whether it re 
fers only to one gas or is valid for any gas. m 
20. Let us assume that, contrary to the real d nid 
lian) distribution of molecule velocities, all the mo ens 
at a certain level, say at sea level, have the same pacer 
equal to the root-mean-square velocity at a given ith the 
ature. Let us also assume that, in accordance M sale: 
ideal gas model, there are no collisions between the eee 
cules. How would the kinetic energy of mölgoules fo 
with altitude under such conditions? Up to what alti ate 
would an atmosphere consisting of nitrogen and oxyg 
extend? ou 
2.11. Here are two explanations of the buoyancy che 
balloon filled with a light gas. According to the first, di 
buoyancy is simply the Archimedes’ force equal the 
weight of the air that would occupy the volume 0 has 
balloon (filled with the gas), while according to the pad 
ond, the buoyancy is the difference between the ba At 
metric pressures acting on the upper and lower nection n 
the balloon. Do these explanations contradict cach ot ne 
2.12. The average displacement of a Brownian puru 
in time t is (D). What is the average displacement a 
the same particle in time 21? 

2.13. If the mean free path of 
(l), what is the mean free p 
arbitrary coordinate axis? 
2.14. Because of the 
the free paths of mol 
the vertical axis we | 
molecules whose free 
on the horizontal 
senting the 
Straight line 


:n a gas iS 
a molecule in a gas on 
ath of the molecule along 


" s sinagas 
chaotic motion of molecules in Ton 
ecules have different. values. ber of 
ay off the logarithm of the num sets 
paths exceed a certain value xen 
axis the value of z, the graph repr? 
dependence of these two quantities 15 
with a negative slope, 

log N = log No — az. 
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How can one find the free path of molecules using such a 


graph? 
aN 
Tog Ni 
X 


0 


Fig. 2.12 Fig. 2.14 


2.15. A vessel is divided by a porous partition into two 
parts, 7 and 2, of equal volume. After the air was pumped 
out of the vessel, part 7 was filled with hydrogen and 
part 2 with nitrogen. The initial pressures of the gases 
are the same. Draw a rough sketch of the graph of how 
the pressures of the gases in the vessel change with the 
passage of time. 

2.16. The temperature of a gas in a vessel changes de- 
pending on whether the vessel is open or closed, and so 


logD ü | 
b 


logT 


Fig. 2.16 


Fig. 2.17 


does the diffusion coefficient. The temperature dependence 
of the diffusion coefficient D for both cases is shown in the 
figure on the log-log scale. Which line corresponds to the 
case of an open vessel and which to the case of a closed 
vessel? The effective cross sections of the molecules are 
assumed to be constant. 
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2.17. A vessel is divided by a solid partition into two 
parts of equal volume. One part is filled with nitrogen 
and the other with carbon monoxide. It may be assumed 
that the cross-sectional areas of the molecules of the two 
gases are the same. The relative molecular masses of 
both gases are also the same (equal to 28). Finally, the 
pressures in both parts are the same. After the partition is 
lifted, the gases begin to diffuse into each other. How 
does the amount of each gas that has transferred to the 
part occupied by the other gas depend on the initial 
pressures of the gases? 

2.18. A gas is inclosed in a vessel and has a pressure 
at which the mean free path of the molecules exceeds con- 


Tı 


Fig. 2.18 Fig. 2.19 
siderably the siz 
molecules have w 
ered elastic. Th 


e of the vessel. The collisions that the 
ith the walls of the vessel may be consid- 
E a he vessel is placed in a vacuum and has à 
d ice rough which the gas molecules escape into 
fap era the average energy of the molecules leav- 
ir 5 tae vessel the same as that of the molecules remain- 
E in the vessel? Is the velocity distribution for the 
y ur in both groups the same? The gas is assumed to 
2 19. A hi that no Joule-Thomson effect. is present: 
late wip "8t fux passes through a gas from a heated 
Date with a temperature T, to a cold plate with a tem- 
perature Ts: The linear dimensions of the plates are 
ers it to the distance between them. Is the 
tus? Whe gradient the same along the entire heat 
we M When measuring the thermal conductivity 
ilu Roy we place the plates horizontally, with 
one with ith the higher temperature placed above the 
ith the lower temperature? 
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2.20. Liquid nitrogen (t = —196 °C) is inside a Dewar 
vessel. The air surrounding the vessel has à temperature 
t 207€. The pressure of the residual gas between the 
walls of the vessel is about 107! Pa (roughly 10-5 mm Hg). 
The mean free path of the “molecules” of air at atmospher- 
ic pressure is about 1077 m. What is the temperature of 
the air between the walls of the vessel? 

2.21. Steady-state heat transfer through a gas occurs 
between two parallel walls. The experiment is conduct- 


-196°C 


Fig. 2.20 Fig. 2.21 


ed in such conditions that the only process by which 
the heat is transferred is pure thermal conduction. The 
dependence of the thermal conductivity coefficient À is 
measured as a function of the gas pressure p, with the 
experiment conducted twice, for two different distances 
between the walls. The results are shown in the figure. 
What curve corresponds to the greater distance between 
the walls? 

2.22. Figures (a), (b) and (c) depict three cyclic processes 
in the pV-, VT-, and pT-coordinates. The curvilinear 


(a) 


are isotherms. Depict the same pro- 
cesses in the pT- and VT-coordinates (for process (a)), 
the pV- and pT-coordinates (for process (b), and the 
pV- and VT-coordinates (for process (c)). 


sections in Figure (a) 
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2.93. A gasis inside a cylinder closed by a piston. The 

iston is held from above by a spring whose elastic prop- 
erties obey Hooke's law. Produce a rough sketch, in the 
pV-coordinates, of the curve that represents the change 
in state of the gas upon heating and determine the work 


p 
[ ] 
cet 
y 
Fig, 2.23 Vig. 2.24 


that is done in the process if the volume of the gas varies 
from V, to V, and the pressure varies from p; lO Pa 
2.24. The figure demonstrates the adiabatic curves for 
two gases, helium and carbon dioxide. Which curve cor 
responds to which gas? 
2.25. A gas expands from an initial state characterized 
by a pressure p, and a volume V, in two ways, isothermi- 
cally and adiabatically, to the same volume Vo. I 
which of the two processes is the final pressure higher and 
in which is the work greater? 
2.26. The amount of heat supplied to an ideal gas is laid 
off on the horizontal axis and the amount of work PC; 
ie d by the gas is laid off on the vertical axis. One ° 
s E eee in the figure is an isotherm and the 
a wo are isobars of two gases. The initial states p 
ani en (presante, temperature, volume) are the same» 
mend scales on the two axes coincide. Which straig P 
papi guis to which process? How many degrees o! 
dom aré aa ks each gas have? (Vibrational degrees of ipe 
processes E to be taken into account.) The graphs of what 
2.27. e aa with the coordinate axes? ent, 
tions fn te aight lines in the figure depict the pene 
mperature as a function of the amount of he? 
32 


supplied in different processes involving the change of 
state of a monatomic and a diatomic gas. Which processes 
correspond to these straight lines? The graphs of what 
processes coincide with the coordinate axes? The initial 


AT 1 


Fig. 2.26 Fig. 2.27 


states (temperature, volume, pressure) of the two gases 
are the same. 

2.98. One of the straight lines in the figure depicts the 
dependence of the work done om the temperature varia- 
Lions for an isobaric process. The other two are the adiabat- 
ic curves for argon and nitrogen. Which straight line 


A 2 


| / Tout 


y ITI 
Fig. 2.28 Fig. 2.29 

rocess? How should one depict an 

isotherm and an isochor in these coordinates? Bear in 


mind that on the horizontal axis we lay off the difference 


between the higher and the lower temperature. 
2.29. For temperatures close to room temperature and 


somewhat higher, the molar heat capacity of hydrogen 
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corresponds Lo which p 


3—01569 


agrees, with good accuracy, with the results predicted by 
the classical theory of heat capacity for ideal gases, a 
theory that allows for three translational and two rota- 
tional degrees of freedom for diatomic gases. Llowever, at 
low temperatures the heat capacily of hydrogen drops 
and at about 40 K becomes the same as that of a monatom- 
ic gas. What is the explanation for this? Why such 
behavior is not observed in other diatomic gases? 

2.30. When diatomic gases are heated, their heat capat- 
ity exhibits a peak in the high-temperature region. Sim- 
ilar behavior is observed in multiatomic gases. What 
is the explanation for this? 

2.34. Draw a rough sketch for the compressibility of an 
ideal gas as a function of pressure for two cases, one when 
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the gas is compressed isothermically and the other when 

ma gas is compressed adiabatically. 

cin gni transferred from a state Z to a state 2 by 

bar and (b) fi (a) first by an isochor and then by an v 

eh n rn by. an isobar and then by an iso¢ jor 

amount work done in both cases be the same, will the 
int of heat required in the processes be the same: 


and will the increme H 
wine? he increment of entropy in the processes be the 
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2.33. Draw the Carnot cycle for a monatomic gas on 
the log-log scale using the pT- and V7-coordinates. 
2.34. A gas is transferred from an initial state 0 to 
other states 7, 2, 3, and 4 via different isoprocesses. 
Which curve representing the dependence of entropy on 
temperature corresponds to which process? 

2. Draw the Carnot cycle in the S 7-coordinates. 

24 Two objects with initial temperatures 7, and 7, 
(with T, > T,) are brought into contact. The objectsare 
isolated from their surroundings, and the masses and heat. 
capacities of the two objects coincide. How does the total 
entropy of these objects change as the temperatures be- 
come equal? 

2.37. Suppose that the entropy grows linearly with 
temperature in a process. How does the heat capacity 
vary with temperature? 

2.38. A gas is transferred from a state Z to a state 2 in 
two ways: (a) directly by an isobar, and (2) first by the 


9. 
b 


Tig. 2.38 Fig. 2.40 


, finally, by the 


isochor 7-2, then by the isobar 3-4, and 
that the entropy 


isochor 4-2. Show, by direct calculation, 
increment in both cases is the same. 

2.39. A heat engine operates according to a cycle that 
consists of two isochors and two isobars. Prove that the 
entropy of the heater-gas-cooler system Increases P the 
engine operates. How does the entropy of the gas : iange 
in the process? The heat capacities of the heater and cool- 


er are assumed to be infinite. . 2 
2.40 According to the van der Waals equation, which 
is a third-degree equation in the volume, the theoretical 
isotherm of a real gas may have either one or three in- 


tersections with a horizontal line, the intersections cor- 
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responding to either one or three real roots of the equa- 
tion. With three roots it may so happen that. two are equal 
(maxima and minima on the isotherm) or even all three 
are equal (the critical point). However, on an isotherm 
built for a sufficiently low temperature there is a section 
lying below the horizontal axis, and a horizontal line 
in this case intersects the section only at two points (two 
roots in V). Where in this case is the compulsory third 
root? 

2.41. The section 7-3 on the theoretical isotherm of a 
real gas (the van der Waals isotherm) is assumed to be 
unrealistic because of its absolute instability. What is the 
reason for this instability? 

2.42. Changes in the state of a real gas or liquid thal 
are realized under ordinary conditions at a constant 


Fig. 2.41 Fig. 2.42 


temperature are represented by the so-called Andrews 
isotherm, which consists of a section (/-2) representing 
the unsaturated vapor, a section (2-4-6) representing the 
two-phase state (saturated vapor and liquid), and a sec- 
tion (6-7) representing the liquid. This isotherm differs 
from the theoretical van der Waals isotherm (1-2-3-4-5-6- 
7), which corresponds to a one-phase transition of the 
entire mass of vapor into liquid. On the van der Waals 
isotherm there are sections corresponding to metastable 
States (2-3 and 5-6), which can be realized in certain 
conditions. What are these states and what are the con- 
yas for their realization? 

ncn the second law of thermodynamics, prove 
ical on an o the hatched sections between the theoret- 
iud. experimental isotherms of a real gas must be 
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2.44. When a liquid evaporates, the heat supplied to it 
is used partially to do work in overcoming the forces of 
cohesion between the molecules (the internal heat of va- 
porization) and partially to do work agaiust the forces 
caused by external pressure (the external heat of vapor- 
ization). How to determine the external heat of vapor- 
ization from the graph representing the experimental 
isotherm of a real gas? 

2.45. Gas cylinders and pipes intended for operation 
under high pressures are usually tested not by pumping 


u) (b) (c) (d) 
Fig. 2.46 


Fig. 2.43 Fig. 2.49 


as into them but by filling them with a liquid, 
up to the test value. 
ty regulations. What 


air ora g 
water or oil, and raising the pressure 
This is done in accordance with safe 
is the explanation for this? 
2.46. To demonstrate the transition to the critical state, 
a liquid (usually ethyl ether) is placed inside small 
sealed thick-walled glass tube. The tube is then sealed off 
(Figure (a)) and slowly heated. It is found that in the 
process of heating the boundary between the liquid and 
the vapor above the liquid rises and the meniscus be- 
comes flatter (Figure (b)). Itisextremely difficult to observe 
the transition through the critical temperature because of 
intense convective fluxes, but the result is seen because al 
this temperature the meniscus disappears. completely 
(Figure (c)). Upon slowly cooling the tube it is found that 
at the same temperature the entire volume becomes cloudy, 
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so that light cannot pass through the tube (Figure 
(d). If the temperature is lowered still further, the 
volume becomes transparent and there appears a menis- 
cus, which separates the two phases. Explain the reasons 
for the observed phenomena. 

2.47. How does the temperature of a liquid change un- 
der adiabatic evaporation? 

2.48. The bending of the surface of a liquid creates excess 
pressure (known as the Laplace pressure). Because of this 
the pressure inside a soap bubble is somewhat higher than 
the atmospheric pressure. In a drop, too, there is excess 
pressure. Suppose we have a drop of liquid and a soap 
bubble of the same liquid and the same diameter. Where 
is the pressure greater: inside the drop or inside the bub- 
ble? 

2.49. Two soap bubbles of different diameters are 
blown out using a T-shaped pipe (see the figure). Will 
the diameters of the bubbles remain unchanged? 

2.50. Three drops of different diameters are in the atmo 
sphere of the vapor of the liquid from which the drops are 


(a) 
NA 
(b) (c) (b) 
Fig. 2.50 Fig. 2.51 


formed. The pressure of the vapor is such that the drop 
with the medium diameter (Figure (b)) is in equilibrium 
Vie the vapor. Is this equilibrium stable? How will the 
drops of the smaller (Figure (c) and the larger (Fig- 
op M) diasatans behave? 
2:51. “wo drops ara oiana dl 
plates M NE macen between two parallel glass 
(Figure ü p ater (Figure (a)) and a drop of mercury 
2.52 n Dm Hehe act on the plates in each case? 
side two conical pipes there is a drop of water 


(Figure (a)) and a dr 
a)) and a drop of 'y (Fi Y 
does each drop tend H Dow S dido o 
2.53. Which of the curves s 


correctly the lemper. 
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es shown in the figure depicts 
ature dependence of surface tension? 


Curve Z falls off to zero at the boiling point of the liquid, 
curve 2 falls off to zero at the critical temperature, curve 2 
tends to zero asymptotically, and curve 4 shows that sur- 
face tension is temperature independent. 
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2.54. A capillary tube is placed vertically in water. The 
diameter of the tube is such that surface tension lifts 
the liquid to an altitude ko. But the height of the tube 


above the liquid, A, is less than ho. 

How in this case will the column of 
liquid in the tube behave? 

2.59. A viscous liquid is flowing due 

to a pressure head Ap along a pipe of 
length 7 and diameter D. Will the 1 
volume flow remain the same if instead 

of this pipe we use four parallel pipes 


of the same length but with the 
diameter of each pipe being equal 
to D/2? à 
2.56. A viscous liquid is flowing along a horizontal pipe 
of diameter D = 2R. At some point in time a particle of 
rust or boiler scale gets detached from the upper part of 
the pipe and falls downward. Assuming that this particle 
acquires a constant fall velocity Vy practically at once 
(at this velocity the force of gravity, Archimedes' force, 
and the drag of the liquid balance each other), find the 
trajectory of the particle and the distance the particle 
travels in the horizontal direction due to the flow of the 
liquid. The maximal velocity of the liquid (along the 
Pipe’s axis) is Uxm- 

2.57. When ice with a temperature 
with water with a temperature above 


Fig. 2.54 


below 0 °C is mixed 
0 °C, there are four 
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possibilities: the ice melts and the final temperature is 
above 0 °C, the water freezes and the final temperature is 
below 0 °C, part of the ice melts and the temperature of 
the mixture becomes 0 ^C, and part of the water freezes 
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and the temperature of the mixture becomes 0 °C. On 
the horizontal axis we lay off the amount of heat that the 
water gives off in cooling and freezing (the upper straight 


Fig. 2.58 


li i 
cd sew Mus amount of heat that the ice absorbs in 
along (Pig eels: (the lower straight lines). The scale 
value is not izontal axis is arbitrary, that is, the scale 
; ot specified. The temperature (in degrees Celsi- 
0 


us) is laid off on the vertical axis. Find the final result of 
mixing whose beginning is shown in each figure. When 
either all the water freezes or all the ice melts, determine 


the final temperature. 

2.58. A phase diagram represents the relationship be- 
tween the temperature and pressure at the boundary that 
separates two phases. To which phases do the regions J, 2, 
and 8 correspond? 

2.59. The phase diagram of water is shown schematical- 
ly in the figure. Using this diagram, explain this partic- 
ular dependence of the melting point of ice on the exter- 
nal pressure. F 
2.60. The compressibility of a liquid does not remain 
constant under pressure variations. How, knowing the 
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Fig. 2.62 

dependence of compressibility on pressure within a cer- 
tain pressure interval from p; to pa, can We find the ratio of 
volumes at these values of pressure? : 
2.61. As is known, the density of water at first grows 
when water is heated from 0 °C but then, at 4 °C, begins 
to drop, as shown in the figure. Does the explanation of 
this lie in the fact that in introducing the metric pps 
of units the weight of a definite volume of bd at 4 

Was taken as the unit of weight (subsequently this was 


laken as a unit of mass)? i 
2.62. The wall of a house consists of two layers with 
different thermal conductivity coefficients. The tempera- 

41 


ture of the outer wall is 7, and that of the inner wall is 
T. Temperature variations inside the wall are shown in 
the figure. What layer, the inner or the outer, has a high- 
er thermal conductivity coefficient? 

2.63. A rod with a cross-sectional area S and initial 
length J is elongated by Al due to a tensile stress. The 
modulus of longitudinal elasticity of the material of the 
rod, or Young's modulus, is Æ. Find the bulk energy den- 
sity for the deformation of the rod. 

2.64. Two bars / and 2 of the same cross-sectional area 
and the same length but made of different materials are 


Fig. 2.63 Fig. 2.04 


clamped between two undeformable walls. The materials 
of the bars differ in mechanical and thermal properties. 
What must be the relationship between Young's moduli 
and the linear coefficients of thermal expansion so thal 
heating the bars does not change the position of the 
boundary between them? Under what conditions does the 
deformability of the walls have no effect on the result? 


3. Electrostatics 


3.1. Three charges are placed at the vertices of. an iso- 
sceles right triangle, with charges +-Q and —Q at the acute 
angles and a charge +-2Q at the right angle. Determine 
which of the numbered vectors coincides in direction with 
the field produced by these charges at a point that is the 
middle of the hypotenuse. 

car i ERO IS charges a and b whose strengths are 
"o mei: "ves value are positioned at a certain distance 
WU e other. Assuming the field strength is positive 
ee har coinciding with the positive direction 0 
Meith Ce QUUD tie signs: BP the chargas iG» OF 
shown in Fi ot the field strength between the charges 

in Figures (a), (b), (c), and (d). 
42 


3.3. Two point-like charges are positioned at points a 
and b. The field strength to the right of the charge Q, on 
the line that passes through the two charges varies accord- 
ing to a law that is represented schematically in the 
figure accompanying the problem (without employing a 
definite scale). The field strength is assumed to be posi- 
live if its direction coincides with the positive direction 
on the x axis. The distance between the charges is J. 


Fig. 3.2 


Find the signs of the charges and, bearing in mind that 
the field rena al a point z, is Zero, the ratio ean ve 
solute values of charges Qa and Qo and the coor nS e Ly 
of the point where the field strength is eres n: 
3.4. Two mutually perpendicular straight a : 
carry evenly distributed chargés nia i a 
and c,. Among the lines of torce T ni the pen 
generated by ATAS conductors there is a Loree line prn 
ing through the point of intersection of the conductors. 
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At what angle œ with respect to the conductor with the 
charge density tẹ does this line pass? * 


* The statement of the problem is not quite proper. The electro- 
Static interaction between the charges makes it impossible 
to maintain an even distribution of charge on the conductors. 
The same situation is present in other problems (e.g. see 
Problems 3.5 and 3.6). The difficulty can be overcome by 
assuming that each conductor consists of a large number of 
sufficiently small sections isolated from each other. 


3.5. An infinitely long straight conductor carrying à 
charge with a linear density -+T and a point charge 


^ x 
Fig. 3.4 Vig. 3.5 
—Q are al a certain distance from each other. In which 
ol the three regions (I, IT, or ITT) are there points that (a) 
lie on the line passing through the point charge per- 
pendicular to the conductor and (b) at which the field 
strength is zero? 
3.6. Two mutually perpendicular infinitely long straight 
conductors carrying uniformly distributed charges 
of linear densities t, and c, are positioned at a distance 
a from each other. How does the interaction between the 
conductors depend on a? 
2 Near an infinitely large flat plate with a surface 
charge density o on each side, the field strength dd 
ES: 
253 


, 


while the field produc i i 
: produced by a charge at a distance 
A i y a point charge at a distan 


j 


4neger? * 
Prove that for 
charge density 
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à uniformly charged disk with a surface 
9 (on each side), the electric field strengt 


on the axis of the disk is the same as for an infinitely 
large flat plate if the distances are small in comparison 
with the disk's radius R, and is the same as for a point 
charge if the distances are large. 


** Usually the value of the field strength given in textbooks is 
half the one given here, since there it is assumed that the 


: charge is on a geometric plane. 
3.8. At a certain distance r from an infinitely long 


straight conductor with a uniformly distributed linear 
charge T there is a dipole with an electric moment Pe 
directed along the line of force representing the field. gen- 
erated by the conductor at the point where the dipole is 


Pat E 
—— — — — — —m— 
Fig. 3.8 


Fig. 3.6 


arm of the dipole is very small 


located. Assuming the 
find the force with which the 


compared Lo the distance r, 


field acts on the dipole. 
3.9. The figure shows the schematic of an absolute elec- 


Lometer. The potential diflerence that is to be mea- 
sured is applied belween the plates / and 2, with the upper 
plate connected to one arm of a balance beam.* The pan 
connected to the other arm is loaded with weights until 
balance is achieved, that is, when the upper plate begins 
to move upward. In this way the force acting between the 
charged plates is measured, and this enables one to de- 
termine the magnitude of the potential difference between 
the plates. It the equilibrium in the electrometer stable or 
unstable? 
* The figure does not show the 
and 2 with tho same [iique 
as uni . 
3.10. "A tbe a hin metal strip lies on the inne plata or 
a parallel-plate capacitor positioned eoe pnr 


voltage across the capacitor plates is incre: 
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to a value al. which the electric force acting on the strip 
becomes greater than the strip's weight and makes the 
strip move toward the upper plate. Does the force acting 
on the strip remain constant during the lifting process? 


Fig. 3.9 Fig. 3.10 


3.11. Into the region of space between the plates of a 
parallel-plate capacitor there flies (a) an electron and (b) 
a negatively charged ion with a velocity directed parallel 
to the plates. Both the electron and the ion have received 


l + e +Q 
re— 
Ü E d [n E 
re LLLI a 


Fig. 3.11 Fig. 3.12 


their initial kinetic energy by passing the same potential 
difference Uy, and the potental difference across the ca- 
pacitor is U. The distance between the plates is d. Which 
of the two particles will travel a greater distance before 
hitting the positively charged plate if both fly into the 
capacitor at a point that is exactly in the middle of the 
distance between the plates? 

3.12. An electric dipole is positioned between a poinl- 
like charge and a uniformly charged conducting plate. I” 
which direction will the dipole move? 

3.13 point-like charge Q and a dipole with an elec- 
tric moment. py are separated by a distance that is consid- 
erably larger than the arm of the dipole, with the result 
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that the dipole may be considered as being point. The 
dipole's axis lies "along the lines of force of the point 
charge. Compare the force acting on the dipole in the field 
of the point charge with that acting on the point 
charge in the field of the dipole. 


oT ae ee 


Fig. 3.13 Fig. 3.14 


3.14. A small uncharged sphere is positioned exactly 
in the midpoint between two charges whose absolute val- 
ues are the same but whose signs are opposite. Suppose 
the sphere is shifted somewhat. Will it remain in the 
new position or will it move in some direction? 

3.15. A small uncharged metal sphere is suspended by 
a long nonconducting string in the region belween the 


OOo Of 


Fig. 3.15 Fig. 3.16 


allel-plate capacitor, 


| plates of a par 
How will the sphere 


vertically positionec 
han to the other. 


closer to one plate t 
behave? 

3.16. Two conducting spheres carry equal charges. The 
distance between the spheres cannot. be considered large 
in comparison with the diameters of the spheres. In 
which case will the force of interaction between the 
spheres be greater (in absolute value): when they carry like 


charges (Figure (a)) or when they carry unlike charges 
(Figure (b))? 

eld A point charge is st 
ayers (Figure (a)), with the e 


by two spherical 
field strength as a 
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irrounded 
lectric 


function of distance having the form depicted in Fig- 
ure (b) (on the log-log scale). In what layer (the inner or the 
outer) is the dielectric constant greater and by what 
factor? 


Ti r -0.4 -02 0 02 pif 0.6 08 10 logr 
logn  logr; 
(a) (b) 


Fig. 3.17 


3.18. The region of space between the plates of a paral- 
lel-plate capacitor is filled with a liquid dielectric with 
à dielectric constant ¢,. A solid dielectric with a dielec- 
tric constant. £ is immersed in the liquid. The lines of 


Fig. 3.18 


force in the liq 


uid have the shape « i igure- 
Which Aro shape shown in the figt 


two dielectric const 


; : ants is greater? —— 
Pe lir ie an distributions between two point 
arges are shown in Figures (a)-(d) (the charges are 
equal in absolute valie (a)-(d) ( ges 


charge ). Determine the signs of the 


s for each case. 
320. (two point changes, Q, and Qa, are positioned 
certain distance from each other. ‘The curves in the 
48 


figure represe i i i 
gure represent the distribution of the potential along 
5 


the straig i i 
— era line connecting the two charges. At which 

s (/, 2, and/or 3) is the electric field strength zero? 

9 9 

Y 9 
0 = 0 z O "a m 
(a) (b) (€) (d) 
Fig. 3.19 


Nh; , 

Lee us Lhe signes of the charges Qi and Q, and which 

3.21 ie is greater in magnitude? 

eh om wo equal like charges are positioned al a cer- 
1 distance [rom each other. How do the electric field 


Fig. 3.22 


Fig. 3.20 


ential vary along the axis that passes 
through the midpoint of the distance between the charges 
tight angles to the line connecting the charges? 

5.22. A potential difference is applied between a con- 


ducting sphere and a conducting plate (*plus" on the sphere 
The dimensions of the plate 


and ss 
nd "minus" on the plate). 
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Strength and the pot 


4—01569 


are much larger than the distance between niere ani 
plate. A point positive charge is moved from point i 
to point 2 parallel to the plate. Is any work done in the 
^ T . 
E23. Two parallel-plate capacitors with different pe 
tances between the plates are connected in parallel to a 
voltage source. A point positive charge is moved pe » 
point Z that is exactly in the middle berycen tig p e 
of a capacitor C7 to a point 2 (or a capacitor C2) that lies 


" 
pes E, 
et c2 

Fig. 3.23 Fig. 3.24 


at a distance from the negative plate of C2 equal to half 
the distance between the plates of C7. Is any work’ done 
in the process? T 
3.24. The space between the rectangular plates (with 
sides a and b) of a parallel-plate capacitor (the distance 
between the plates is 1) is filled with a solid dielectric 
whose dielectric constant is e. The capacitor is charged to 
a certain potential difference and disconnected from Hir 
voltage source. After that the dielectric is slowly movet 
out of the capacitor, which means that the section 7 not 
filled with the dielectric gradually increases in size. How 
will the potential difference between the plates and the 
surface charge densities on both parts of the capacitor 


Á 2 à f d ? 
(with and without the dielectric) change in the process: 


3.25. At which of the two points, 7 or 2, of a charged 


capacitor with nonparallel plates is the surface charge 
density greater? 


3.26. The diameter of the out 
cal capacitor is 
Di, of this c 
ence betwee 
tric field st 


er conductor of a cylindri- 
D.. What should the diameter of the cores 
apacitor be so that for a given potential differ- 
n the outer conductor and the core the elec- 
rength at the core is minimal? 

our capacitors, CZ, C2, C3, and C4, are connected 


as shown in the figure. A potential difference is applied 
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between points A and B. What should the relationship 
between the capacitances of the capacitors be so that 
the potential difference between points a and b is zero? 


Fig, 3.25 Fig. 3.26 


3.28. An electric charge with a constant volume density 
p is distributed within a solid sphere of radius R. Deter- 
mine and represent graphically the radial distributions 
ol the electric field strength and the potential inside and 
outside the sphere. 

3.29. In the region of space between the plates of a par- 
allel-plate capacitor there is a uniformly distributed pos- 
itive charge with a volume density p. The plates are 
connected electrically and their potential is set at zero. 
Calculate and draw a sketch of the distributions of the 
Potential and electric field strength between the plates. 
3.30. Two series-connected capacitors of the same size, 
one filled with air and the other with a dielectric, are 


Fig. 3.30 Fig. 3.32 


connected to a voltage source. To which of the capacitors 
3 higher voltage is applied? 
s Two identical air cap 
les. How will the charge on and pot 


acitors are connected in se- 
ential difference across 
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each capacitor change when the distance between the 
plates of one capacitor is increased in the following cases: 
when the capacitors are connected to a DC source, and 
when the capacitors are lirst charged and then disconnected 
from the DC source? 

3.32. Two identical parallel-plate air capacitors are con- 
nected in one case in parallel and in the other in series. 
In each case the plates of one capacitor are brought closer 
together by a distance a and the plates of the other are 
moved apart by the same distance a. How will the total 
capacitance of each system change as a result of such 
manipulations? 

3.33. A parallel-plate capacitor is filled with a dielec- 
tric up to one-half of the distance between the plates. 


9 | 


Fig. 3.33 Fig. 3.34 


The manner in which the potential between the plates 
varies is illustrated in the figure. Which half (/ or 2) 
of the space between the plates is filled with the dielectric 
and what will be the distribution of the potential alter 
the dielectric is taken out of the capacitor providec 
that (a) the charges on the plates are conserved or (b) the 
potential difference across the capacitor is conserve ? 
3.34. A capacitor is partially filled with a dielectric; 
In which of its parts is the electric field strength greater? 
What about the electric displacement and the energy 
density? 
CM parallel-plate capacitors, one filled with at 
ere ner with a dielectric, have the same geometric 
x mensions, are connected in parallel, and are charged t0 
E zn Pes ieu difference. In which of the two capat- 
is the electric field strength greater, in which is tbe 
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electric displacement greater, in which is the energy den- 
siLy greater, and in which is the surface charge density on 
the plates greater? 

3.36. "Three point-like charges are positioned at the ver- 
tices of an equilateral triangles. Two are equal in magni- 
tude and are like, while the third is opposite in sign. 


ip 


Fig. 3.35 


What should the magnitude of the third charge be so 
that the total interaction energy of the charges is zero? 


3.37. The dielectric filling the space between the plates 


of a capacitor that has been charged and then disconnect- 


ed from the voltage source is removed. How should the 


distance between the plates be changed so that the energy 
stored in the capacitor remains the same? Explain the 


origin of the change in energy. 4 ' 
3.38. A capacitor between whose plates there is a dielec- 
tric with a dielectric constant & is connected to a DC 
source. How will the energy stored in the capacitor change 
if the dielectric is removed? Explain the cause of this 


change. 

3.39. A parallel-plate capacitor that has been first charged 
and then disconnected from the voltage source is sub- 
merged in the vertical position into a liquid dielectric. 
How does the level of the dielectric between the plates 


change in the process? 

3.40. A parallel-plate cap 
connected to a voltage source € ; 
liquid dielectric. How does the level of the dielectric 


between the plates change in the process? Explain the 
change of the energy stored by the capacitor. k 
3.41. A cube has been cut out from a piezoelectric crys- 
tal. When the cube was compressed, it an up 
charges on the faces: a positive charge on the upper face 
and p negalive charge on the lower (Figure (a)). When 
the cube was stretched, the charges were found to change 
their signs (Figure (b)). What will be the signs of the 
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acitor with vertical plates is 
and then submerged into a 


charges on these faces if pressure is applied as shown in 
Figure (c)? 

3.42. The relationship that exists between the electric 
displacement and the electric field strength in a ferroelec- 
tric is given by the curve of primary polarization and 
a hysteresis loop. Are there any points on the hysteresis 


(a) (b) (6) 


| 
<} 


Fig. 3.42 Fig. 3.43 


loop to which we might formally assign a dielectric con- 
stant equal to zero or to infinity? 

m s e parallel-plate capacitor is moving 
m apen to 2 certain system of coordinates with a ve- 
au T sn parallel to the plates. What is the rat10 
system to the. Rela between the plates in this coordinate 
in whic 9 the same quantity in the system of coordinales 
n which the capacitor is at rest? 


4. Direct Current 


4.1. o c 

ied and conductors, /-3-5 and 2-4-6, connected points 

m Be ue a on the resistors R, and Rẹ, so that 
ows through either of them. Will there be 
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currents flowing through them and through the 3-4 sec- 
tion if the key A is closed? Will this lead to a change in 
the reading of the ammeter? 


Fig. 4.2 


4.2. Wow will the reading of the ammeter change if the 
key K is closed? . 

4.3. A voltage Us is applied to a potentiometer whose 
Sliding contact is exactly in the middle. A voltmeter y 
is connected between the sliding contact and one fixed 
end of the potentiometer. It is assumed that ch 
tance of the voltmeter is not very high if connate W 
the resistance of the potentiometer. What voltage un n 
voltmeter show: higher than, less than, or equal to o d 
4.4. A “black box" is an electric unit with four term 


V NE inter structure. 
nals, D in unknown int rnal s 
09. 3, and 4, and 2 * hë law 


The box sl in Figure (a) and (b) poss 
: X shown in Figure a) é Ha : 
Ing properties: if a constant voltage of 220 V is applied 
to terminals 7 and 2, a voltage of 127 v appoa he M 
terminals 3 and 4 (Figure (a)), while if a voltage of 12 


i i ame voltage of 
ìs applied to terminals 3 and p the d Figure (b)). 


27 V appears across terminals £ 
What is b omi Vr in box"? The formulation LA. 
Problem is quite meaningful if the voltages dint zoe 
by electrostatic voltmeters, which do not aor ther- 
tric current. If voltmeters of the magneloe'ectries 


]tages 
mal, or electromagnetic type are employed, the volitas 
> " 


across the “out” terminals of the “black box” may some- 
what differ from the ones indicated in Figures (a) and (b). 
4.5. Two potentiometers are connected in series, and 
their sliding contacts are connected electrically, too. In 
one potentiometer the sliding contact remains fixed at 


Pig. 4.5 


b c 
Fig. 4.3 Fig. 


a 


(a) (b) 


Fig. 4.4 


the midpoint. How will the reading of the ammeter vary 
as the sliding contact of the second potentiometer is 
maod from one end of the potentiometer to the other? 
4.6. A constant voltage U, is applied to a potentiome- 
ler of resistance R connected to an ammeter. A constant 


r 
Resse 
b aa ms 
a (+) E——— E 
GC) © 
oU; o- 
4.7 


Fig. 4.6 Fig. A. 


resistor r is c s "t = 
Pt r is connected to the sliding contact of the pote? 


ep and the fixed end of the potentiometer (after 2? 
the ae Hite will the reading of the ammeter vary 2? 

ing contact is moved from one end of the pote" 
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tiometer to the other? T i 
assumed pere E resistance of the ammeter is 
4. ) measure ¢ 
: Pier E EE emf (of, say, a galvanic cell cr 
aleve. ‘The vie he so-called balancing method is em- 
the siue. e a a of this method is shown in 
current whose E ta v ve P dodi a oi 
nt cnet denm is much higher than 6x, G is a gal- 
Roper aaa BH Pe th in the middle of the scale, A is 
PE N A Ris the resistance box. How should one 
ing $. ihi 3 C cult so as to ensure an accuracy in measur- 
X that is determined by the precision of (he measur- 


mg devices? 
1.8. P ; 
. WO ri slors Wi i 
nA ja slors wilh resistances R, and H, are con- 
n series, and so are two capacitors with capaci- 


8 7 


= 


Fig. 4.12 


TT Fig. 4.9 
lel E and Cy. The two syst 
an external voltage is apP 
problem). What must 


(see ` 
be pk figure accompanyl 
boemi relationship between Ri 
zero? ial difference between the poin 
4.9 

. All the resistances and € 


accor 3 E 
npanying the problem are assumed known. How 
t for such à circuit? How 


many " 
y values of current can exis 
57 


ng the 
Rs, €» and 
ts a and 


mf's shown in the figure 


many equations for finding these values must we con- 
struct on the basis of Kirchholl's first law and how many 
must we construct on the basis of Kirchhoff’s second law? 
4.10. Twelve conductors are connected in such a way 
that they form a cube, and an emf source is connectcd 
into an edge of the cube. All the resistances and the emf’s 
are known. There are eight junctions (eight vertices of 
the cube) and six loops (six faces of the cube) in the cir- 
cuit. Construct the equations for determining all the cur- 
rents in the circuit. 

4.11. A source of electric current with an emf £, and 
an internal resistance ris connected to an external circuit 
with a resistance R. What must be the relationship be- 
tween r and R for the power output in the external circuit 
to be maximal? What is the efficiency of the current source 
in this case, provided that the power output in the 
external circuit is assumed to be the useful out put? 
4.12. In two circuits, each of which contains a DC 
source and an external resistance, the maximal currents 
are the same, while the maximum power output in the 
external resistance of one circuit is twice that in the other. 
In what parameters do these circuits differ? 

4.13. ADC source is connected to a rheostat. When the 
sliding contact is x distant from either end of the rheo- 


Fig. 4.13 Fig. 4.16 


stal (the length of the rheostat is set at unity), the power 
output in the rheostat is the same in both cases. Deler- 
mine the internal resistance of the DC source if the re- 
sistance of the theostat is R. 

eed oy must a large number of galvanic cells, cach 
r, b g e Same emf € and the same internal resistance 
; 2e connected so that in an external circuit whose re: 


sistance is R the power output is maximal? 
58 


4.15. Can a circuit be constructed in which the displace- 
ment current in the capacitor remains practically con- 
"pU over a definite time interval? 

4.16. A DC source with known emf € is charging a ca- 
pacitor C. After the charging process has been completed, 
the capacitor is disconnected, via a key K, from the DG 
source and is connected to a resistor R, through which 
the capacitor discharges. The capacitance of the capacitor 
and the resistance of the resistor are selected in such a 
way that the charging process takes several minutes, so 
that the discharge current can be registered by a measur- 
ing device, G. The results of measurements are used to 
am in which the time of 


draw a rough curve on a diagre 
discharge is laid off on the horizontal axis and the loga- 
l axis. Determine the 


rithm of the current, on the vertica 
law by which the current varies and the curve represent- 
ing the dependence of the logarithm of the current on 
the time of discharge. How can the curve help in deter- 
mining the parameters of the discharge circuit, Rand C? 
4.17. A capacitor of capacitance C is charged to a po- 
tential difference Uo and is then discharged through a re- 


ui 


Fig. 4.17 Fig. 4.18 
sistance R. The discharge current gradually decreases, 
with a straight line Z corresponding to this process (see 
the figure accompanying the problem, where time is laid 
off on the horizontal axis and the logarithm of the cur- 
rent, on the vertical axis). Then one of the three para- 
nanner that the 


meters, Uy, R, or C, is changed in such à n 


In T vs. t dependence is represented by the straight line 2. 
hanged and in what 


Which of the three parameters was ch 


direction? 

4.18. A charged capacitor is discharge 
ase argec capacitor 1* E 3 
X two times. The time dependence of the [gg 
of the discharge curr tained in the two experiment: 
nem poe 1 and 2, in the 


is represented by the two straight lines, 
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d through a re- 


figure accompanying the problem. The experimental con- 
ditions differed only in one of the three parameters: the 
initial voltage of the capacitor U, the capacitance C, or 
the resistance R. Determine the parameter that was var- 
ied in these experiments and in which case this para- 
meter is greater. 

4.19. Prove that when a capacitor of capacitance C that 
has been charged to a potential difference U, is discharged 
through a resistance R, the amount of heat liberated in 
the conductors is equal to the initial energy stored in the 
capacitor. 

4.20. Prove that when a capacitor is charged through a 
resistor R from a DC source with an emf equal to € half 
of the energy supplied by the source goes to the capacitor 
and half, to heating the resistor. 

4.21. A charged capacitor is connected to an uncharged 
capacitor with the same capacitance. Determine the 
changes in the energies stored by the two capacitors and 
explain the origin of these changes from the viewpoint of 
energy conservation. 

4.22. A conducting disk is rotating with an angular ve- 
locity o. Allowing for the fact that electrons are the cur- 


ir^ i 


Fig. 4.22 Fig. 4.23 Fig. 4.24 


rent carriers in a conductor, determine the potential 
difference between the center of the disk and the edge- 
4.28. In the Tolman-Stewart experiment, a cylinder i5 
mounted on a shaft and is rotated very rapidly. The sur- 
face of the cylinder is wound with many Lurns of wire 0 
length Z in a single layer. After the cylinder has been set 
spinning at a large angular velocity, it is braked to à 
stop as quickly as possible. In the circuit consisting of 
the wire and a measuring device, this braking manifests 
itself in a pulse of current caused by the potential differ- 
ence that appears between the ends of the wire. If the 
potential difference is registered by an oscillograph, We 
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obtain a curve similar to the one shown in the figure 
accompanying the problem, where time is laid off on the 
horizontal axis.* How, knowing the initial linear veloc- 
ity of the winding, the length of the wire, and the vol- 
tage oscillogram, can one determine the electron charge- 
to-mass ratio? 


* In the Tolman-Stewart experiment, the quantity measured 
was not the potential difference but the amount of electricity 
passing through the circuit, This was done using a device 


called the ballistic galvanometer. 


4.94. "The section of a conductor between the points a 
and b is being heated. Does this lead to a redistribution 
of potential along the conductor (the arrow indicates 
the direction in which the current is flowing)? Will the 
passage of current, change the temperature distribution in 
the conductor? 

4.25. A constant voltage is applied to a metal wire. The 
current passing through the wire heats the wire to a cer- 
lain temperature. Then half of the wire is cooled by à 


Fig. 4.27 


Fig. 4.25 


will the temperature of the 
he process? 

ated voltage is 127 V 
] 150 W are connect- 
Which of the two 


stream of air [rom a fan. How 
other half of the wire change in t 
4.26. Two electric bulbs whose r 
and whose rated wattages are 25 anc 
ed in series to a DC source of 220 V. 
bulbs will burn out? ; 
4.27. A conductor and a semiconductor are connected in 
parallel. At a certain voltage both ammeters register the 
same current. Will this condition remain as such if the 
voltage of the DC source is increased? : 

4.98. A conductor and a semiconductor are connected in 
series. The voltage applied to this system is selected ii 
such a way that the readings of the voltmeters VI anc 
V2 coincide. Will this condition remain unchanged if the 


voltage of the DC source is increased? 
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4.29. A thermionic valve, or diode, has a heated fila- 
ment and a plate near it. The dependence of the current 
flowing between filament and plate on the voltage applied 
to valve (the current-voltage characteristic) is as follows. 
First the current grows with voltage, but then goes into a 
plateau at a sufficiently high voltage. Why, notwithstand- 
ing the fact that the filament may emit the number of 


Semicond ictor 


Fig. 4.28 Fig. 4.29 


electrons required for the saturation current lo sel in, 
the latter does not manifest itself at an arbitrarily small 
voltage between the electrodes? In which respect does 
curve / differ from curve 2 from the standpoint of the 
experimental conditions if the two are oblained using the 
same device? 

4.30. A cutoff voltage is applied between the cathode and 
the anode of a thermionic valve (*minus" at the anode and 
"plus" at the cathode). The cathode temperature, how- 
ever, is sufficient for thermionic emission to manifest itself- 
If the direction of the electric field is reversed by applying 
between the cathode and the anode a voltage at which 
saturation current will flow through the valve, will the 
temperature of the cathode maintained in the cutoff di- 
rection of the field remain the same? 
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4.934. F P : ; 
ure i da uuu passing through an electrolyte (Fig- 

; the distribution of potential between the elec- 
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(b). Why, notwithstanding the 
| the distance between 
limensions, is the 


irodes is shown in Figure 
fact that the electrodes are flat anc 
them is much smaller than their linear « 
field between the electrodes nonuniform? 

4.32. ‘The distribution of potential between the cathode 
and anode in a glow discharge is shown in the figute accom- 
panying the problem (the distance from the cathode is 
laid off on the horizontal axis). Within which regions of 
space (see the numbers on the horizontal axis) is there a 
positive volume charge, a negative volume charge, and 
à volume charge that is practically zero? 

4.33. In the plasma of a gas discharge, the concentration 
of electrons and that of positive ions are practically the 
same. Does this mean that the current densities created 
by the motion of electrons and ions are also the same? 
Will an ammeter connected in series with the gas discharge 
gap show the sum of the electron and ion currents or 
their difference? 
4.34. A negatively charged particle is accelerated in its 
molion from a cathode C to an anode A, passes through 
àn aperture in the latter, and moves toward a Faraday 
Cylinder F that is at the same potential as the anode 
(Figure (a)). For the sake of simplicity it will be as- 
sumed that the particle moves from A to F with a constant 
velocity. Determine the moment of time when a measur- 
ing device G in the circuit will register a current (the 
lime is reckoned from the moment when the particle 
leaves the anode) and the form of the current, that is, 
whether the current is in the form of a pulse when the 
Particle leaves the anode (Figure (b)) or whether it is a 
pulse when the particle enters the Faraday cylinder (Fig- 
ure (c) or whether there are two pulses (one when the 


particle leaves the anode and the other when the particle 
enters the Faraday cylinder; (d)) or whether the 


see Figure à 
Current is steady over the entire motion of the particle 
from the anode to the Faraday cylinder (Figure (e). 
4.35. The behavior of the potential energy of an elec- 
tron inside and outside a metal is shown for two metals 
in Figures (a) and (b). The same figures indicate the limit- 
ing kinetic energies Wp of electrons in the metals (the 
"ermi levels) at 7 = 0 K. If the metals are brought into 
cC ntaet, what will be the values of the internal and exter- 
nal contact. potential differences? In which metal will the 


electron concentration be higher? 
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4.36. "The energy distribution function for electrons in a 
metal at absolute zero can be written as follows: 


f (W) = CWE, (4.36.1) 


where C is a constant coefficient that is a combination of 
universal constants. This function terminates at Wr, 
which is the limiting energy, or the Fermi level. Using 
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Fig. 4.35 


(4.36.1), establish how 


electron concentration. 


4.97. a m 
ls “i on le dependence of the logarithm of conductivity» 


^ Where 7 is the temperature, for two semi- 

par is shown in the figure. In which of the two 

the isis te is the gap (the forbidden band) betwee! 
xi sa ione and the conduction band wider? . 

pp e Pendence of the logarithm of conductivity: 


In o, o i 
» On 1/T for two Semiconductors is shown schematical- 
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the limiting energy depends 0” 


= a al 


Ty ie he figure. In which respect do these semiconductors 

4 DE à "um H * . 

eit Phe distribution of potential near the boundary 

5 ween two semiconductors with different types of con- 
iction depends on the direction of the applied external 


ln6; 


= en 


Vig. 4.38 Fig. 4.39 


voltage. Which distribution corresponds to the blocking 
? To what semiconduc- 


direction and which, to conduction? 
ors do the left and right branches of the curves in the 


figure belong? 
4.40 m E: 
s - The current-vo 
ductor diode based on the propert 


ltage characteristic of a semicon- 
ies of the p-n junction 


Fig. 4.40 


upper right branch and the lower 


has 
4s two branches: the 
anch corresponds to small 


left branch. Since the right br ; 
Voltages and the left branch to considerably higher vol- 
tages (with the currents in the conductive direction being 
much higher than the currents in the blocking direction), 
vus two branches are constructed using different scales. 

hat is the explanation for the existence of the left 
branch and in what manner does the current in the block- 


ing direction depend on the temperature of the diode? 
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À.Ai. The phenomenon of secondary electron emission 
consists in the following. When electrons bombard a sol- 
id surface, the surface emits secondary electrons (and 
partially reflects the primary electrons, which impinge 
on the surface). Secondary electron emission is character- 
ized by the secondary emission coefficient o, which is the 


Wy 


Fig. 4.41 


ratio of the secondary electron current to the primary 
current. The dependence of the secondary emission coel- 
ficient on the primary electron energy W, for a certain 
dielectric is depicted in the figure. At ø = 1 the surface 
of the dielectric does not change its potential under elec- 
tron. bombardment, since the number of electrons leav- 
ing the surface every second is equal in this case to the 
number of electrons bombarding the surface every sec 
ond. The two points a and b on the o vs. W, curve cor- 
respond to c — 1. At which point is the process stable 
and at which is it unstable? 

4.42. Under secondary electron emission (see Prob- 
lem 4.41), the energy distribution function 7 (Wa) for 


F(Wj) 


W 
Fig. 4.42 


secondary electrons is r 
curves ( 
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i epresented sufficiently well by two 
and 2) shown in the figure accompanying th? 


problem. Which of the two ctirvés represents the primary 
electrons and which, the “true” secondary electrons? 


5. Electromagnetism 


5.1. Currents J, and J, flow in the same direction along 
two parallel conductors, with 7; > I, In which of the 
three regions 7, JI or MI, and at what distance from the 


Fig. 5.2 


Fig. 5.1 
conductor carrying current J, is the magnetic induction 
equal to zero? , 
9.2. Two mutually perpendicular conductors carrying 
currents 7, and J, lie in one plane. Find the locus of 
points at which the magnetic induction is zero. P 
9.3. Equal currents are flowing along three conductors: 
a ring of radius R (Figure (a)), an infinitely long straight 


(a) () (G) 


Fig. 5.3 Fig. 5.4 
conductor that forms a loop of the same radius R mig- 
ure (b)), and an infinitely long straight conductor that ^ so 
orms a loop of radius R but is broken at the point where 
the loop touches the conductor (Figure (c)). Find the p^ 
ationships that link the magnetic induction vectors a 


the : 
center of each circle. : 
5 E : T rpendicu- 
9.4. Three conductors carrying currents are perpenc 
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lar to the plane of the drawing. They intersect the plane 
at three points that lie on a single straight line, with the 
distances from the middle conductor to the other two 
being equal. The currents in the outer conductors flow 
away from the reader, while the current in the middle con- 
ductor flows toward the reader. How is the magnetic field 
vector directed at the point on the straight line that is 
perpendicular to the straight line passing through the 


1? 


rj 
0| 4 RBR———— 
B x M x 


o e ~~ 


Fig. 5.5 Fig. 5.6 Fig. 5.7 


three conductors in the plane of the drawing and is sepa- 
rated from the middle conductor by a distance equal to 
the distances between that conductor and the outer con- 
ductors? All three currents are equal in magnitude. 
5.9. Along four parallel conductors whose sections with 
the plane of the drawing lie at the vertices of a square 
there flow four equal currents (the directions of these 
currents are as follows: those marked with an "x" point 
away from the reader, while those marked with a dot 
point to the reader. How is the vector of magnetic 
induction directed at the center of the square? į 
5.6. Two infinitely long parallel conductors carrying 
currents are directed at right angles to the plane of the 
drawing. The maximum of magnetic induction is at â 
point M that lies in the middle between the conductors: 
The direction of the magnetic induction vector B at this 
point coincides with the positive direction on the 7 
da oM the direction of the currents flowing i? 
nductors a relati i ; ries "e 
these pe and the relationship that exists between 
pi Two infinitely long parallel conductors carrying 
ents are directed at right angles to the plane of the 
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drawing. The magnetic induction at a point M that lies 
in the middle between the conductors is zero. To the 
right of this point, the magnetic induction vector points 
upward, at right angles to the z axis. Find the direction 
of the currents flowing in the conductors, the direction 
of the magnetic induction veclor to the left of point M, 
the relationship between the currents, and the point on 
the z axis at which the magnetic induction is maximal. 
The distance between the conductors is a. 

5.8. Prove solely by reasoning (without performing any 
that the magnetic induction on the axis at 
long solenoid is half the value in the 
“very long solenoid” is one 
the diameter. 

at square loop. In 


calculations) 
an end face of a very 
middle of the solenoid. A 
whose length is much greater than 
5.9. A current flows clockwise in a fl 


>; 


Fig. 5.9 Fig. 5.10 Fig. 5.11 
e lies an infinitely long straight 
hose direction is designat- 
will the loop move 


the plane of the loop ther 
conductor carrying a current W 
ed by the arrow in the figure. How oop | 
in the magnetic field created by the current flowing in the 


straight conductor and how will the shape of the loop 

change as a result of the action of this field? E 
5.10. A conducting loop carrying a current is placed in a 
nonuniform magnetic field. How will it move as a result 
of the action of this field? 
5.11. A direct current (cons l 
rection) flows in a contour made from soft wire. What 
shape does this contour tend to acquire as a result. of the 
. action of the magnetic field created by the current? É 
5.12. A small flat contour with a current flowing 1n it is 
Placed successively at three points on the axis of a sole- 
noid in which a current also flows in the same direction. 
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tant in magnitude and di- 


The points are at the middle of the solenoid (point Z), at an 
end face (point 2), and outside the solenoid at a distance 
from an end face equal to one-half the length of the so- 
lenoid (point 3). The plane of the contour and the plane 
of the cross section of the solenoid are parallel. At which 
of these three points does the contour experience the 
greatest interaction with the solenoid and at which is 
the force minimal? Is the force attractive or repulsive at 
these points? The length of solenoid is considerably larger 
ihan the diameter. 

5.13. At a small distance from a solenoid carrying a cur- 
rent there is placed a contour with a current in such a 


Fig. 5.12 Fig. 5.13 


manner that the solenoid's axis lies in the plane of the 
contour. The directions of the currents in solenoid and 
contour are shown by arrows. How does the contour 
move? How will it move if the current in it flows in the 
direction opposite to the one shown in the figure? 

5.14. Between two fixed contours, Z and 3, carrying cur- 
rents that flow in the same direction there is suspended 


Q 0 O -99- 


Fig. 5.14 Fig. 5.15 

another contour, 2, that also carries a current. Contour 2 
is oriented in such a manner that the forces caused DY 
the currents in contours 7 and 3 are opposite in direction 
equal in magnitude, and lie along a single straight lines 
thus, contour 2 is in equilibrium. Is this state of equilib: 
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rium stable or unstable? Consider the case where the 
current in contour 2 has the same direction as the cur- 
rents in Z and 3 and the case where the directions are 
opposite. 

5.15. Two contours whose planes are parallel to each 
other and are separated by a certain distance carry cur- 
rents that flow in the same direction. One contour is left 
fixed while the other is positioned in a different manner 
with respect to the first: in one case ils plane is turned 
by 90°, in the other by 180°, while in the third case it is 


just moved parallel to itself 


over a certain distance. ln ———— BÀ 
which of these three cases I" 

one will have to perform the n 8 
greatest work and in which, 

the smallest? x: 

5.16. In a uniform magne- 

tic field there are two charged Fig. 5.16 
particles moving with velo- 5 

tre e varrying 

ities v and Ve and carrying — ,— v. The velocity of 


equal charges, with |v, |= | Va. ] i 
one particle forms an angle ci with tho direction of the 
field, while the other velocity forms an angle «,. In 
what parameters does the motion of one particle diller 
from that of the other? Determine which of the parame- 
ters is greater for which particle. . 
5.17. The device shown in Figure (a) is commonly used 
to measure the charge-to-mass ratio of the electron. The 
electrons that leave the cathode C are acceierated by an 
electric field that exists in the space between the cathode 
and the anode A. A fraction of electrons fly through the 
hole in the anode. These electrons, leaving region I of the 


device, fly into the region where there is no electric field. 
In this region the elec d from a straight 


trons are deflected 7! 
line via a magnetic fie : pendicularly to the 
plane of the drawing. This field is generated by two so- 
lenoids. The region TI where the trajectory of the elec- 
trons is bent lies between these two solenoids. By increas- 
ing the current flowing through the two solenoids connect: 
ed in series we can direct the electrons into a ord 
cylinder F, with a galvanomeler G registering ei test 3 
ing current. Any further increase in the pe 
results in a drop in the current flowing through G, since 

along a € 


the electrons begin to move ircle of a smaller ra- 
"4 


Id directed per 


dius. The dependence of the galvanometer current on the 
solenoid current is illustrated by the curve in Figure (b). 
The following quantities are known in measurements: the 
potential difference U 
between anode and cath- 
ode, the curvature ra- 
dius R of the axial line 
of region JI (assuming 
that the majority of elec- 
trons deflected by the 
magnetic field travel 
along this line), the num- 
ber of turns Nọ per unil 
length of solenoid, and 
the solenoid current / 


idi at which the galvano- 
Ig meter current is maxi- 


mal. How to determine 
the charge-lo-mass ratio 
of the electron. knowing 
the values of these quan- 


Lities? 
5.18. A charged parti- 
0 cle of mass m and charge 


(b) E 


2 has acquired a cer 
Fig. 5.17 Q has acquired a cer 


velocity by — pas 
i : . through a potential differ- 
enpe de With this velocity it flies into the field of a 
bs lel-plate capacitor, with the distance between the 
plates being /, the potential difference being U. The veloc- 


a 


" Fig. 5.18 Fig. 5.19 

e aud Porta is directed parallel to the plates. 
move along a Mun Mor field that makes the particle 
and what should ds jd bt velis capacitor be directed 
5.19. A direct sted re he (the induction B)? 

direction desi nt is flowing through a plane in the 
s gnated by an arrow. The plate is placed ina 


transverse magnetic field B. As a result of the Hall effect 
there appears a transverse potential difference. What is 
the sign of the potential at point a if the plate is made of 
metal and if the plate is an n-type or p-type semicon- 
ductor? 

5.20. Two contours are positioned in such a manner that 
their planes are parallel to each other. Contour Z carries 
a current whose direction is designated by an arrow. The 


OO TLL’ 


Fig. 5.20 


contours move in relation to one another, but their planes 


remain parallel in the process. What is the direction 
of the current induced in contour 2 when the contours are 
moved toward each other or away from each other? 

5.21. A spiral made from elastic wire is connected to a 
DC source. The spiral is stretched. Will the current flowing 
in the spiral become greater or smaller in the stretching 
process than the initial current or will it remain un- 
changed? : 
522. A solenoid carrying a current supplied by a DC 
source with a constant emf contains an iron core inside 


f 
2 
> 
4 
0 t 


Fig. 5.23 


Fig. 5.22 


it. How will the current change when the core is pulled 

out of the solenoid: will it increase, decrease, or remain 

the same? 

5.23. Two identical inductances carry dubtents Pis 

vary with time according to linear laws. In which o e 
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two inductances is the self-induction emf greater? Will 
the values or signs of the self-induction eml’s change if 
the currents begin to increase in the opposite direction 
after they pass through zero (with the linear laws retained 
in the process)? 

5.24. A current that varies with time according to a law 
depicted graphically in the figure passes through an induc- 
tion coil. In which of the moments denoted in the figure 


L L 


55 [7 
(0) (b) 


Fig. 5.24 Fig. 5.25 


will the self-induction emf be maximal (the inductance of 
the coil remains unchanged in the process)? 
5.25. Various circuits are used to observe the phenome: 
non of self-induction. Among these are the circuits shown 
in Figures (a) and (b). In Figure (a), key A is initially 
opened and the current flows through the induction coil L 
and resistor R connected in series. In Figure (b), key K 
is initially closed and the current branches off to /t ant 
L. In both circuits the resistance of the coil Lis much low- 
er than R. Can an induction emf be generated in either 
one of these circuits that is higher than the emf of the 
DC source? 
5.26. When a certain circuit consisting of a constant 
emf, an inductance, and a resistance is closed, the cur 
rent in it increases with time according to curve Z (see 
the figure accompanying the problem). After one parame- 
ter (€, L, or R) is changed, the increase in current follows 
curve 2 when the circuit is closed a second time. Which 
p was changed and in what direction? 
ve m s Pe is E in a circular contour 1 Y i 
alle Pit ae apum 25 whose radius is PEN 
velocity v des ü no Bu is moving with a cons pisi 
alane aed g s r-axis m such a manner that E 
ot the contours remain parallel to each other 1n the 


4 
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course of the motion. At what distance from contour 7 
will the emf induced in contour 2 be maximal? 

5.98. A certain circuit consists of a DC source with emf 
g, an induction coil L7, and a key KZ. No resistance is 
present in the circuit. Another coil, L2, which is con- 
nected electrically to a resistor R through a key K2, is 
fastened to LZ. At some moment in time key KZ is 
closed. After a certain time interval K2is closed. How do 


Fig. 5.26 


Fig. 9.27 Fig. 5.29 


the current in the primary circuit (the one containing €). 
the induction emf in the secondary circuit (the one with 
L2 and H), and the current in the secondary circuit vary 


with time? s i 
5.29. An infinitely long straight conductor and a flat 
rectangular contour with sides a and b and with AN turns 
lie in a single plane. The distance between the straight 


y si f losest to the 
conductor and the side of the contour clos ] 
straight conductor is €. Determine the following quanti- 


Lies: (1) the mutual inductance of the gonios Sn. a 
contour; (2) the quantity of electricity Induces 


ie he 
contour if the contour is rotated ae is ee 
AB axis provided that a current Tis AS f ape 


tour and the resistance of the contour 15 ^£ 
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that must be done to rotate the contour through 180° 
about the AB axis provided that there is current Z both 
in the long conductor and in the contour and that the 
sense of the current in the contour is clockwise (in the 
plane of the drawing). 
5.30. A common device used in electrical measure- 
ments is the so-called Rogowski loop. It constitutes a 
flexible solenoid that can be 
transformed into a torus if 
the two ends are brought to- 
gether (Figure (a)). The leads 
can be connected to an AC 
ammeter, a ballistic galvano- 
meter*, or an oscillograph. 
By circling a conductor with 
a Rogowski loop one can mea- 
sure an alternating current 
flowing constantly in the 
conductor or even isolated 
changes in the current, such 
as those that occur when the 
current is swilched on or off 
or when pulses pass through 
the circuit. Suppose the Ro- 
gowski loop forms a toroid 
that encircles a conductor 
carrying a direct current / 
(Figure (b)) The parameters 
Fig. 5.30 of the loop are as follows: 
the cross-sectional area is S, 
CET : _ , the number of turns is N, 
m BW Vas Sulla e at the widthd of the loop prop- 
Ty Small compared to r. At a certain moment the 
hom. is Switched off; the current becomes zero in a very 
srr Tae lie vail int Sra 
Has asd destin: m M n electricity Q that 
How can one find the c M (and the galvanometer). 
ind the current 7 that was flowing in the 


c i e : 
npud: prior to switch-off knowing the values of the 
above-mentioned parameters? 


k ave 
x jalistic galvanomoter has a large period of oscillations. 
tit tee nly used to measure the quantity of electricity 

3 In a circuit in the form of a short pulse. 
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5.31. A flat coil with a cross-sectional area S and with 
V turns is placed in a magnetic field. The leads of the 
coil are connected Lo an oscillograph. When the coil is 
moved out of the field, an induction emf is generated in 
il, and the oscillogram of this emf is shown in the figure 
How do the maximal value of the emf, Eim: and the ava 
under the curve depend on the rate with which the coil is 
moved out of the field? 

5.32. Suppose that we ha 
length. Their diameters differ only 


| | 
ES s 


6 
Fig. 5.32 


ve two solenoids of the same 
to the extent to which 


Fig. 5.31 


her. The inductances of the 


1 the same and equal to L. 
be con- 


one can be fitted onto the otl 


two solenoids can be considerec 
Tere are the ways in which the solenoids can 


nected: 
™ (1) the solenoids are connected in series and are sepa- 
rated by a large distance; 
(2) the solenoids are con 
arated by a large distance; 
(3) the solenoids are connected in series, one is fitted 
onto the other, and the senses of the turns coincide; 
(4) the solenoids are connected in parallel, one is fitted 
onto the other, and the senses of the turns coincide; 
(5) the solenoids are connected in series, one is fitted 


onto the other, and the senses of the turns are opposite; 
(6) the solenoids are connected in parallel, one 15 
fitted onto the other, and the senses of the turns are oppo- 


site. 


nected in parallel and are sep- 


7T 


Determine the total inductance lor each of the above 
cases. 
5.33. The current flowing in a certain inductance coil 
varies in time according to the curve shown schematically 
in the figure. Draw the 
curve representing the in- 
duced emf as a function 
of time (also schematically). 
5.84. "Two similar parallel 
electron beams point in 
- the same direction. The 
linear dimensions of the 
cross section of each beam 
Fig. 5.33 are small compared to the 
distance between the 
beams. Suppose that vis the electron velocity and n 
is the electron concentration in either beam. In a coordi- 
nate system with respect to which the electrons are in 
motion there are two types of interactions, the electrostat- 
ic and the magnetic. Which of the two is greater in 
magnitude? 
5.85. Electric charges do not generate magnetic field in 
à system of coordinates (better to say, frame of reference) 
where they are at rest. The magnetic field that, surrounds 
a conductor carrying a current is generated by the charges 
that are moving in the conductor. Since the electron con- 
centration in a conductor is of the order of 10?? cm™, the 
directional velocity of the electrons in the conductor is of 
the order of one millimeter per second (if the current den- 
sily is estimated at 100 A/cm?). We position the con- 
ductor carrying the current in such a manner that it follows 
the magnetic meridian at the point where the conductor 
is present. Just as in Oersted's experiment, a magnetic 
compass needle placed under the conductor will be de- 
flected. If the needle is moved along the conductor with a 
speed equal to the directional velocity of the electrons 
in the conductor (i.e. of the order of several millimeters 
Si NR the electron will be at rest in relation to the 
deflected. M e must be nil, the needle will not be 
: More than that, if the needle i d along the 
conductor with a speed l dei rh rud 
the needle will be defl greater than that of the electrons: 
these assertions ee in. the apposite dirastion. A9 
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agnetic induction vector and the 


& gê 
5.36. How are the m 
ted inside and outside a bar 


magnetic field vector direc 
magnel? 

5.87. Two types of stee 
resis loops shown in Figure (a) 
tained in the processes of magnetizatio 
zation of the steels. Which of the two ty 


] are characterized by the hyste- 
and (b). The loops are ob- 
n and demagneti- 
pes is best suited 


Fig. 5.38 


Fig. 5.39 


mer and which, for using 


ansfor 


Tor using as the core ofatr 
às à permanent magnet? 
5.38. How can one use the B vs. H graph (the magneti- 

;ork that a source of cur- 


zation curve) to determine the w 1 
rent must perform to magnetize à ferromagnetic core ofa 


solenoid whose length is 7 and whose cross-sectional area 
is S? The magnetization curve is shown in the figure ac- 
companying the problem. 

5.39. Does a hysteresis loop possess 
We can formally assign to permeability 


Zero or infihi 3 Ai 
nfinite or negative: 

ple through a ferromag- 

'e accompanying the 


ilh A straight, conductor 

ic toroid, as shown in t j 

Problem. The conductor carries a 5 t ina first pe 

to a certain maximal value and then falls off to 200. 

a result of this the toroid becomes magnet" 
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sess sections in which 
a value that 1s 


the directions of the lines of force for magnetic induction 
in the toroid and find the sections or points on the hyste- 
resis loop corresponding to the stale of the toroid after 
the current has ceased to flow (see the figure accompanying 
Problem 5.39). 

5.41. Suppose we wish to calculate the circulation in- 
tegrals of the magnetic field strength and magnetic induc- 
tion along various contours, some of which lie entirely 


T 


Tig.! 5.40 , Fig. 5.41 


ina vacuum while the other partially overlap a medium 
with a permeability u. The "x" inside? a small circle 
marks the section of a conductor carrying a current by 
the plane of the drawing. Are all the circulation integrals 
of the magnetic induction equal to each other? Is this 
also true of the circulation integrals of the magnotic 
field. strength? 


6. Oscillatory Motion and Waves 


6.1. At two moments in time the displacements of a har- 
monically oscillating point are the same. Can we state, 
‘on the basis of what we have just said, that the phases al 
‘these moments are also the same? 

6.2. The oscillations depicted by curve 7 in the figure 
are expressed by the equation x = A sin wt. What is the 
equation for the oscillations depicted by curve 2? 

pu Two material particlesof equal mass are performing 
harmonic oscillations whose graphs are shown in the fig- 
ure. What oscillation has a higher energy? 
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Fig. 6.3 


equations of motion along each coordinate axis, assuming 
that the initial phase along the x axis is zero. 

6.5. Two mutually perpendicular oscillations are added. 
In one case the graphs representing these oscillations are 
those shown in Figure (a) and in the other, those shown in 
Figure (b). In what respect do the resultant. oscillations 
differ? 
6.6. Suppose that the addition of two mutually perpendic- 
ular oscillations in which a material particle partici- 
pates results in an ellipse, with the direction of motion 
indicated by the arrow in the figure. The equation of mo- 
Lion along the x axis can be written in the form z = 
A, sin ot and that along the y axis, in the form y = 
Ag sin (o£ + q). Determine the condition that @ must 
meet. 

6.7. Two mutually perpendicular oscillations obey the 
laws 

z= A, sin ot and y = Ag sin (Oat + q). 

The addition of these two oscillations leads to the Lissa- 
jous figure shown in the drawing accompanying the prob- 
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lem. Determine the relationship between o, and wœ, and 
the initial phase q if the figure is traversed in the direc- 
Lion shown by the arrows. 
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6.8. Two mutually perpendicular oscillations are per- 
formed according to the laws 


T = A sin o, and y = A, sin os. 


Determine the relationship between c, and c, using the 
Lissajous figure shown in the drawing accompanying the 
problem. ! a 
6.9. A material particle oscillates according to the harmon- 
ic law. At which of the two moments, Z or 2, is the kinet- 
ic energy higher and in which, the potential energy? 
Al which moment is the acceleration of the particle al 
its maximum (in absolute value)? 

6.10. Two loads Whose masses are m, and m, are suspend- 
ed by springs (m, > my). When the loads were attached 
to the unloaded springs, it was found that the elongations 
of the springs were the same. Which of the two loads oscil- 
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lates with a greater oscillation period and which of the 
two loads possesses a higher energy (provided that the 
oscillation amplitudes are equal)? The springs are con- 


sidered massless 


m 


rig. 6.10 


6.11. A chemical test tube is balanced by a load at ils 
bottom so that it does not tip when submurged in a liquid 
(the cross-sectional area of the tube is S). After submerg- 
Ing to a certain depth, the tube begins to oscillate about 
ils position of equilibrium. The tube, whose mass togeth- 
er with the mass of the load is n, is in the state ol equi- 
librium in a liquid with a density p when its bottom is be- 
low the level of liquid by a distance L Determine the oscil- 
lation period of the tube assuming that the viscosity of 


the liquid is nil. 
6.12. One way to meast 
station at zero gravity 


a space 


ire the mass of an object in 
lly 


is to use a device schematica 


Fig. 6.11 


shown in the figure. The principle of operation of this 
device is as follo First the austronaul measures the 
oscillation frequency of an elastic system of known mass. 
Then the unknown mass is added to this system and a new 
measurement of the oscillation frequency is taken. How 
can one determine the unknown mass from the two mea- 
sured values of frequency? 
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6.13. Two simple pendulums having equal. masses but 
different lengths are in oscillatory motion with the same 
angular amplitudes. Which of the two pendulums has a 
higher oscillation energy? } > 
6.14. Two pendulums, a physical one in the form ol i 
homogeneous rod and a simple one, of equal mass anc 
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Fig. 6.13 Vig.' 6.14 Fig. 6.15 


length are in oscillatory motion with the same angular 
amplitudes. Which of the two pendulums has a higher os- 
cillation energy? 

6.15. An axis passes through a disk of radius R and mass 
m at a distance Re from the disk's center. What will be 
the period of oscillations of the disk about this axis 
(which is fixed)? 

6.16. Consider a physical pendulum that isa liomogeneous 
rod of length /. At what distance Re from the center ol 
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Fig. 6.18 
gravity of the rod must the 
oscillation period to be maximal? 


6.17. A force acting on a material particle varies accord- 
ing to the harmonic law 


: n : Cas eoe e 
point of suspension lie fot th 


F = Fysin ot. 
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At time £ — O the velocity v is zero. How do the velocity 
and position of the particle vary with time? 
6.18. A force acting on a material particle varies ac- 
cording to the harmonic law 

F = Fo cos ot. 


At time £ = 0 the velocity v is zero. How do the ve- 
locity and position of the particle vary with time? 

6.19. The time dependence of the amplitude of damped 
oscillations is presented in the figures on a semilogarith- 
mie scale, that is, the time is laid off on the horizontal 
axis on a linear scale and the amplitude, on the vertical 


WA 


6.21 Fig. 6.20 


axis on a logarithmic scale. Construct the time depen- 
dence of the energy of these oscillations using the semiloga- 
rithmic scale. Set the initial values of the logarithms of 
the amplitude and energy of the oscillations equal. 

6.20. Suppose that certain damped oscillations are re- 
presented in polar coordinates. Depict these oscillations in 
Cartesian coordinates with the phase of the oscillations 
laid off on the horizontal axis and the displacement, on 
the vertical axis, assuming that the ratio of the sequen- 
tial amplitudes of oscillations and the initial phase remain 
unchanged. Find the logarithmic decrement of the oscil- 


lations. 

6.21. Suppose that a pe 
dium. The viscosity of the 
length of the pendulum are such th 


ndulum oscillates in a viscous me- 
medium and the mass and 
at the oscillations are 
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aperiodic. The pendulum is deflected from the position 
of equilibrium and released. How will the absolute value 
of the the pendulum's velocity vary with time: will il 
increase continuously, decrease continuously, — pass 
through a maximum, or pass through a minimum? 
6.22. A load suspended by a spring in a viscous medium 
performs damped oscillations. How should one change the 
length of the spring (preserving all the characteristics of 
the spring, i.e. the thickness of the wire, the density of 
the turns, ete.) so that the oscillations become aperiodic? 
The mass of the spring is assumed to be negligible com- 
pared to the mass of the load. 

6.23. An oscillatory circuit consists of a capacitance Ga 
an inductance L, and a resistance R. Damped oscillations 
set in in this circuit. (1) How should one change the dis- 
tance between the plates of the capacitor for the discharge in 
the circuit to become aperiodic? (2) How should one 
change the capacitance and inductance (with the resistance 
remaining unchanged) for the damping in the contour lo 
diminish provided that the natural frequency of free os- 
cillations remains the same? How will this change the 
frequency of damped oscillations? (3) How will the loga- 
rithmic decrement of the oscillations change if the re- 
sistance and inductance change by the same factor? 
6.24. Two spheres of the same diameter but of different 
Masses are suspended by strings of equal length. If the 
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spheres are deflected from 
which of the two 

and which will ha 
their oscil] 


: their positions of equilibriunn 
will have a greater oscillation perio’ 
hes ve a greater logarithmic decrement 1 
alions occur in a real medium with viscosity: 


6.25 A“ » 

lectures pers. as is sometimes demonstrated al 
: 5. A spring fixed al ; i : 
its lower E fixed at its upper end is submerged PX 


end. into mercury. Voltage supplied by a 


86 


Source is " 

When G a en to the upper end and the mercury. 
rent rs i . Ti "i 2n 
tend dn oes ows in the spring, the rings of the spring 
JO Ven aw together, the spring gels shorter, and the 
Amd qoe: moves out of the mercury. The current ceases, 
process MEE end isagain submerged in the mercury. The 
ae lca itself. What oscillations does the spring 

n the process: fr ; : 
lations? e process: free, forced, damped, or self-oscil- 
6.26. Whic ] 

. Which of the two diagrams, Figure (a) or Figure 


b), repres 
(b), represents the dependence of the amplitude of displace- 
of the driv- 


Monks in tre y [ 
dia in forced oscillations on the frequency 
AE orce and which represents the frequency dependence 
: ? 
ji 
A T 
| 
i 
| 
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! 
| 
0 E | 
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Fig. 6.26 
Lade ier: Ly amplitude? In what parameter determining 
Fimi Sm ation conditions does each curve represented in 
into RS (a) and (b) differ? What parameters determine the 
(s ersection of each curve with the vertical axis 1n Figure 
gn the position of the maximum? 
RM How will the displacement amplitude at © = 0 
Fet 2s Aj, the maximal amplitude Am: and the resonance 
Whisk ah Ores Vary if the resistance 0 the medium in 
the d oscillations occur decreases provided that all 
e parameters that determine the forced oscilla- 
6.28 rema unchanged? 
tude. ES curve depicting the depende 
ae of forced oscillations on the frequet 
cd in a medium with no resistance ten 
hos Why is this situation meaningless not only from 
Sl e physical standpoint but also from the mathematical 
adpoint, Tow does a system oscillate in a medium 
des has practically no resistance? ; 
qu - Two forced oscillations with the same natural fre- 
eneies have amplitudes that differ by a factor of 2 for 
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nce of the ampli- 
icy of the driving 
ds to infinity as 


all values of the frequency of the driving force. In what 
parameter, among the amplitude of the driving force, 
the mass of the oscillating object, the elasticity coeffi- 
cient, and the resistance of the medium, do these systems 
differ? It is assumed that these systems may differ only 
in one parameter. 
6.30. Waves on the surface of water in the form of paral- 
lel lines advance on a wall with an aperture much narrow- 
er than the wavelength. What will be the shape of the 
waves propagating on the surface" behind the wall (and 
aperture)? j 
6.31. In the standing waves that form as a result of re- 
flection of waves from an obstacle the ratio of the ampli- 
tude at a crest to the 
amplitude at a node is 
6. What fraction of the 
energy passes past the 
obstacle? 
6.32. A wave is propa- 
gating in a medium with 
damping. The distance 
from the source of oscil- 
lations (in units of the 
wavelength) is laid off 
e" . On the horizontal axis 
! : ^ > s: and the common loga- 
Fig. 6.32 rithm of the oscillation 
; , amplitude is laid off 
on the vertical axis. Using the graph shown in the fig- 
ure accompanying the problem, write a formula that will 
link the amplitude with the distance. 
6.33. The formula that expresses the speed of sound in à 
gas can be written in the following form: 


c= V vplp. (6.33.1) 


iid. V is the specific heat ratio (the ratio of the specific 

a SeenON of the gas at constant pressure to the spe- 
i, heat capacity at constant volume), p is the pressure 0 
la Pa paa vae density of the gas. Using this formu- 
of the ducis Me der that upon isothermal change 
sure? Speed of sound in the gas grows with pres 
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6.34. The figure demonstrates the temperature dependence 
of the speed of sound in neon and waler vapor on the 
log-log scale. Which straight line corresponds to the light- 
er of the gases? 

6.35. The dependence of the frequency of oscillations reg- 
istered by a receiver when the receiver and the source of 
sound approach each other depends on whether the source 
moves and the receiver is fixed, or whether the source is 


fixed and the receiver is in mo i 


tion. The curves in the fig- 
ure represent the dependence of the ratio of the received 
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ations to the frequency emitted by the 
of the rate of relative motion to the 
Which of the two curves corresponds 
and which, to à moving receiver? 
agation of sound takes place 


frequency of oscill 
source on the ralio 
velocity of sound. 
to a moving source 
The medium where the prop 
(air or water) is assumed fixed. . 
6.36. An observer standing al the bed of a railroad hears 
the whistle of the locomotive of the train that rushes past 

the observer, the fre- 


him. When the train is approaching 
quency of the whistle sound is Vi» while when it has passed 


i 1 
the o . the frequency is V2- Determine the spect 
baer ger, © 1 istle frequency when the ob- 


of the train and find the wh reque : 

server moves together with the train. The speed of sound 

is assumed to be known. P 2 

6.37. Two observers stand at different ee pp Ku 

bed ilr hen a train passes hem, each he: 
of a railroad. w shistle changes, with the 


how r „y of the train W 
egeta "i ü 1 for one observer and along 


change occurring along CUTY MX ED 
curve 2 for the other. Which of the two observers 1$ stand 
ing closer to the roadbed? 
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6.38. A source of sound whose frequency is vy is moving 
with a speed v. The waves travel to a fixed obstacle, are 
reflected by the obstacle, and are registed by a receiver 
that moves together with the source. What frequency is 
registed by the receiver if the speed of sound waves is c? 
6.39. A source of oscillations S is fixed to the riverbed 
of a river whose waters flow with a velocity v. Up and 
down the stream there are fixed (also to the river bed) 


Y LL , , WA 


VY eee 
Fig. 6.37 Fig. 6.39 


two receivers, R, and R, (see the figure). The source gen- 
erates oscillations whose frequency is vy. What frequencies 
do receivers Ry and R, register? 

6.40. Two boats are floating on a pond in the same direc- 
tion and with the same speed v. Each boat sends 
through the water, a signal to the other. The frequencies 
vo of the generated signals are the same. Will the times 


see TE yo T 7, 
SH eres vip ARAM MA. W 
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it takes the signals to trave 
the same? Are the w 
quencies received by 
6.41. An undergrounc 


l from one boat to the other be 
avelengths the same? Are the fre- 
qe boats the same? 
: 2 explosion at a poi / rales 
Vibia É an D a point A generales 
nu Seismographs that are capable of measuring 
" Fem nal and transverse waves separately are placed 
at ano i i : ud : 
a ipu a The time interval between the arrival 
knowing the y b Sap Di. Waves is measured. How, 
veloc ^ i ] ; 
cities of propagation of longitudinal 


and transy 
arrival, to phuc is the time difference between 
and B? | distance S between points A 


6.42. A sound Wave tr 
face between air and w 
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avels in air and f 


alls ; inler- 
ater at an angle on the inter 


94. At what angle 


a, will the wave propagate in the medium: grealer than 
a, or smaller than c4? 

6.43. There are many documented cases when an explo- 
sion at a point A will be heard at a point B that is locat- 
ed far away from A while in a certain region, known as 
the zone of silence, located much closer to A than to B 
the explosion is not heard. Among the reasons for this is 
the deflection of sound waves caused by the presence of a 
vertical temperature gradient in the atmopshere. How 


ane ot B 
silence 


Fig. 6.43 


Fig. 6.42 


should the air temperature change with altitude for the 
direction of propagation of sound waves to be as shown 
in the figure? : 

6.44. Al a depth k, below ground level there is a pocket 
of water of depth hy. Whal type of artificial seismic 
waves, longitudinal or transverse, is needed to measure 
the depth of the water pocket? —— i 

6.45. An airlane is in supersonic flight ab an altitude h. 
At what smallest distance @ (along the horizontal) from 


Fig. 6.45 


the observer on the ground is there a point keen 
the sound emitted by the airplane molia iid um ie T 
server faster than from point A that is directly ? 


observer? 
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7. Alternating Current 


7.1. Using a Rogowski loop (see Problem 5.30), one can 
measure the effective value leg of an alternating current 
flowing in a conductor. The loop has a rectangular cross 
section with NV turns. The dimensions and the position of 
the loop are shown in the figure. Determine the eflective 
emf generated in the loop by the alternating current. 
7.2. The figure shows the vector diagram of reactances 
and resistances in an AC circuit. Construct a similar dia- 


Fig. 


7.2 


gram fora circuit in which the current fre 
and the emf amplitude is the s 
the current will change as a result of this. 

7.3. What is the frequency dependence of the 
the phase shift between voltage and current, and of the 
consumed power for a circuit consisting of a resistance 
and an inductance connected in series provided that the 
emf amplitude remains constant? 

7.4. What is the frequency depende 
the phase shift between current 
consumed power for 


quency is doubled 
ame, and deterinine how 


current, of 


nce of the current, Ol 
and voltage, and of the 
à circuit consisting of a resistance 
and a capacitance connected in series provided that the 
emf amplitude remains constant? 


7.9. A circuit (Figure (a)) contains an alte 
resistance, and a Teactive element (only 
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rnating emf, a 
a capacitance 


or only an i s : 1 

Qin Meier iere What is this element if the time 

the source a as current in the circuit and the emf of 

PER Wee ode n as shown in Figure (b)? 

sum of (he ves ings of the ammeter 42 equal to the 

cases denis : ings of the ammeters AZ and 42 for the 
epicted in Figures (a) and (b)? 


R 


0 


Fig. 7.6 


su s of the voltmeter V3 equal to the 
sum of the readings of the voltmeters V7 and V2 for the 


pases conan in Figures (a) and (b)? 
da je current flowing through the resist 
a shown in Figure (a), where a resistance R, a ca- 
Sop vase C, and an inductance L are connected in series, 
MED é/R. What will be the current in the AC circuit 
: the inductance and the capacitance connected in 
parallel are connected in series with the resistance (Fig- 


ure (b))? 
7.9. The powe 


7.7. Are the reading 


ance in an AC 


i r in an AC circuit varies with time accord- 
n to the curve in the figure. How, knowing the maxi- 
sen and minimal values ol the power. to determine the 
umerical value of the phase shift between voltage and 
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current? What is the period of variation of the power! 
7.10. To demagnetize watches that have been accidental- 
ly magnetized, they are placed inside a solenoid connected 
to an AC source. The watches are then slowly removed 
from the solenoid. Explain why the watches become de- 
magnetized as a result of such manipulations. 


Fig. 7.9 


7.11. A full-wave rectifier (the circuit is shown in the fig- 
ure) rectifies the current that flows continuously in one 
direction. Sketch the time dependence of the current, ig- 
noring all losses, and, assuming that the load of the 
rectifier constitutes a resistance, calculate the average 
value of the current. If the rectifier is loaded to a primary 


winding of a transformer, is a constant emf generated in 
the secondary winding? 


7.12. In the circuit shown in the Figure, 
capacitance C is connected in parallel with 
How will this influence the 
rent? 

7.13. Two semiconductor diodes in opposition to each 
other in series are connected lo the primary winding of a 
transformer. Draw the oscillograms of the current in the 
primary winding and of the einf generaled in the seconda- 
ry winding. 
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à capacitor of 
a resistor R. 
lime dependence of the cur- 


7.14. "wo vacuum diodes in opposition to each other in 
parallel are connected to the primary winding of a trans- 
former. The amplitude of the emf applied to the primary 


Fig. 7.14 


winding exceeds considerably the voltage at which the 
diodes go into the saturation mode. Draw the oscillograms 
of the current in the primary winding and of the emf gen- 


erated in the secondary winding. 


8. Optics 


from a biconvex lens must we 


8.1. At what distance fi 
ance between the object and 


place an object for the dist 


the real image lo be minimal? 
8.2. Two biconvex lenses a and b with the same radii of 


curvature are manufactured from glass samples with differ- 
ent refractive indices. How should we employ the graphs 
thal represent the dependence of the distance f; between 
a lens and the image of an object on the distance f, be- 
tween the lens and the object in order to determine the 
ratio of the refractive indices? 

8.3. When taking a picture of a group of objects that are 
positioned at different distances from the camera, one 
must allow for the so-called depth of focus, or the limits 
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of the greatest and the smallest distance between which 
the image is sharp for a given focus setting of the camera. 
Why is the depth of focus the greater the smaller the 
aperture setting? 

8.4. A pinhole camera consists of a rectangular (hollow) 
glass prism whose front base and lateral faces are black- 
ened and whose back base is covered with a photographic 
plate. A small circular section of the front base is left 


Fig. 8.4 


unblackened, and through this *pinhole" the light enters 
the camera. The refractive index of the glass is n, the dis- 
tance from the object to the camera is a}, and the length 
of the camera is ay. Determine the ratio of the size of the 
image, ys, to the size of the object, y,, assuming that y, << 
[m 

8.5. Light falls on an end face of a glass rod at an angle 
a. What is the smallest refractive index that the glass may 
have so that the light after entering the rod cannot leave 
it through a lateral face irrespective of the values of a? 
8.6. At what angle to each other must two flat mirrors 
be positioned for a beam of light incident on one of the 
mirrors at an arbitrary angle in a plane that is perpendic- 
ular to the mirror surface to be reflected from both mir- 
rors in such a manner that the refracted beam is parallel 
to the incident beam? Is a prism suitable for this purpose? 
8.7. An electric bulb is hanging above the center of a 
round table whose radius is R. At what height 2 must it 
be hung for the intensity of illumination at the edge of 
the table to be maximal? 
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8.8. A beam of light propagates through a medium 7 and 
falls onto another medium, 2, at an angle c. After that 
iL propagates in medium 2 at an angle Gp. The light's 
wavelength in medium Z is Ay. What wavelength has the 
light in medium 2? 

8.9. Two identical coherent sources of light, S, and Sas 
separated by a distance a produce an interference pattern 
on a screen. The wavelength of the monochromatic light 


| a 
is | 
cA s 


Fig. 8.7 Fig. 8.8 


emitted by the sources is ^. Determine the maximal num- 
nu of interference Íringes that can be observed assuming 

hat the screen is infinitely large- ; 
9.10. In an is porhndis Er invo lyas the observation of 
interference of light via two Fresnel mirrors, the source of 
light is positioned symmetrically in relation to both mir- 
rors at a distance J from the boundary between them. How 
does the distance between the first interference eed T 
à Screen that is positioned far from the mirrors depen 


the angle @ between the mirrors? , 
-11. When there is interference of light waves pue 
Y two coherent sources, the geometric ee Lares 

with the same difference in the phases of Sone titutes 

that arrive at that point from the two coco ete ee 

à surface whose sections with the plane of the v" t anes 

the curves ab and a'b’ shown in the figure. Wha 

Surface? sed in the form 
42. A transparent dielectric is deposited ! 

of a thin film on two substrates made of jal wedge-like 
rics. Both films form geometrica ly an 

i; YeTS. The refractive index of the material 
S n and those of the substrates are 7 et “milar spec- 

ter Pee Suppose that two light beams © p the same 

tra] Composition fall on the two Lom 97 
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angle. in what respects do the resulting interference pai- 
terns differ? . 

8.13. An air wedge is illuminated by monochromatic 
light. The distance between the resulting interference 
fringes is a. How will the distance between the interfer- 
ence fringes change if the space between the plates that 
constitutes the wedge is filled with a transparent liquid? 


Fig. 8.14 


8.14. A plano-convex lens with a radius of curvature 
R, is lying on a reflecting cylindrical surface whose radi- 
us of curvature is R,. The lens is illuminated from above. 
What shape do the interference fringes have? 

8.15. A plano-convex segment of a glass cylinder whose 
curvature radius is R is lying on a flat plate. A paral- 
lel beam of light falls on this segment from above. What 
Shape will the interference fringes have and how will the 
distance between the fringes change as we move away from 
me straight line along which the segment touches the 
plate? 

8.16. During observation of Newton rings, a small par- 
ticle of unknown thickness a got between the lens and 
the plate. How can one determine the wavelength of 
monochromatic light incident from above on the lens 
using only graphical considerations? What scales along 
the vertical and horizontal axes are preferable? 

8.17. On a reflecting substrate there lies a transparent 
plane-parallel plate that forms an angle œ with the sub- 
strate. Thus a wedge-like film of air is formed. The sub- 
strate has a triangular ledge whose cross section is an iso- 
sceles triangle with angles 0 at its base. The plate is illu- 
minated with monochromatic light from above. As- 
suming that the angles œ and 0 are small, sketch the posi- 
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tions of the interference fringes. ‘I'he size of the wavelength 
is shown in the figure. 

8.18. In the observation of the interference pattern in an 
air wedge (Figure (a)) there sometimes appear interference 
fringes with distortions caused by the presence of a 
ledge or a dent on the substrate. Which of the two inter- 
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—— 951 (a) 


Fig. 8.15 


= 


Fig. 8.16 


Fig. 8.17 Fig. 8.18 


ference patterns in Figures (b) and (c) corresponds to 
which defect? 

8.19. Light from a distant source falls on a screen with a 
round hole. At a certain distance from this screen an- 


nme. 


Fig. 8.19 Fig. 8.20 


other screen is placed, and it ison this screen that the dif- 
fraction pattern is observed. How will the intensity of il- 
lumination at the center of the second screen change if 
the distance between the screens is gradually increased, 
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that is, does the intensity of illumination remain constant 
or does it monotonically decrease or does il. vary period- 
ically? 

8.20. Light from a distant monochroinatic source, which 
can be considered point-like, is incident on a small 
round opaque disk or sphere. A screen is positioned at a 
certain distance z from the object. This distance, 2, 
is great if compared with the diameter of the object, so 
that the object covers only several Fresnel zones into 
which the plane wave can be partitioned. Can it be pos- 
sible that under such conditions the geometric shadow on 
on the screen contains a bright spot in its center? 
8.21. What maxima in the spectrum obtained through 
the use of a diffraction grating correspond to the line 


Fig. 8.21 


with a longer wavelength and what maxima, to the line 
with a shorter wavelength? What approximately is the 
ratio of these wavelengths? 

8.22. In a spectrum obtained through the use of a diffrac- 
tion grating, a spectral line is obtained in the first order 
at an angle q,. Determine the highest order of the spec- 
trum in which this line can be observed by means of the 
same diffraction grating if the light falls on the grating 
at right angles to the grating's surface. 

8.23. Suppose the wavelength of a spectral line is mea- 
sured via two diffraction gratings. The spectral maxima in 
the zeroth and first orders have the shape depicted in the 
figures. The scales used in both figures are the same. 
Which grating has a larger period and which, a higher re- 
solving power? Estimate approximately the resolving 
power of each grating assuming that the natural line 
width and the Doppler line width are considerably small- 
er than the one obtained in experiments. 

8.24. Suppose there are two diffraction gratings with spac- 
ings c, and c, and a total number of lines N, and Ng, 
respectively. Here c, < c, and Ny > Ng, but the product 
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cN is the same for both gratings. Which of the two grat- 
ings has a greater maximal resolving power if the same 
spectral line is observed at normal incidence of light on 
the gratings? 

8.25. A parallel beam of light falls at an angle 0 on a flat 
diffraction grating with a spacing d. Determine the fun- 
damental grating condition for the wavelength A, the 
maximum order of the spectrum in which the appropri- 
ate spectral line can be observed, the maximum wavelength 
for which a line in the spectrum can be resolved, and the 
maximum dispersive power of the grating? 

8.26. A phonograph record can be used as a reflecting 
diffraction grating. To obtain a clear diffraction pattern, 
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Fig. 8.23 


at an angle that is as close to the 


one must direct the light ) 
face of the record as possible. 


grating angle to the sur 
Why? 

8.27. What minimal value c 
when light falls from air onto 
tric? 

8.28. When light is incident on a transparent dielectric 
at the Brewster angle (tan æ = n), the reflected light 
proves to be completely polarized. Is the refracted light 
also completely polarized in this case? 
8.29. Natural nonpolarized light is incident on à double- 
refracting crystal. The normals to the ordinary wave (0) 
and the extraordinary wave (e) are directed as shown 1n 
the figure. Find the ratio of the wavelengths of these 


waves. P 
8.30. A T-shaped pipe with plackened walls is filled 
with a turbid medium. Light falls onto one end of the 

404 


an the Brewster angle have 
the surface of any dielec- 


pipe in the direction designated by 7. As a result of scat- 
tering, a fraction of the light emerges from the pipe in 
the direction designated by 2. Prove that this fraction is 


Fig. 8.29 Fig. 8.30 


polarized and determine the direction in which the elec- 

tric field vector oscillates in this fraction. 
8.31. Suppose that a ray of light falls on a flat boundary 
of a double-refracting crystal. In one case the crystal has 
been cut in such a manner that the wave surfaces of the 
ordinary and extraordinary rays have the form depicted 
in Figure (a), while in 
\ ] CNR the other case it has 
m D been cut in such a man- 
ner that the correspond- 
ing wave surfaces have 
the form shown in Fig- 
ure (b). How is the optic 
ne = axis of the crystal direct- 
ed in each case and is 
Fig, 8:82 the crystal positive or 

negative? 

8.32. Natural light with intensity I, passes through two 
Nicol prisms whose transmission planes are at an angle 
0 to each other. After the light has passed through the 
second prism, it falls on a mirror, is reflected by the mir- 
Tor, and passes through the two Nicol prisms once more. 


NM is the intensity J of the light that has travelled this 
path? 


8.33. Polarized li 
Stance that is pl 
The result is the 
polarization plan 
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Fig. 8.31 


ght passes through a iransparent sub- 
aced in a longitudinal magnetic field. 
so-called Faraday effect (rotation of the 
e in a magnetic field). After passing 


through the substance (and magnetic field), the light is 
reflected by a mirror and travels in the opposite direction, 
whereby it travels through the magnetic field once more 
but in the opposite direction. Will the angle of rotation 


= pm 


Fig. 8.33 


of the polarization plane be doubled or will it cancel it- 
self out? 

8.34. When an electric field is applied to a capacitor that 
is submerged in  nitrobenzene, artificial anisotropy 
emerges in the medium and the nitrobenzene behaves like a 


ea e a 
CU e 
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double-refracting crystal in which the reftactive index 
of the extraordinary ray, ne, is greater than that of the 
ordinary wave, ny. The phenomenon, known as the Kerr 
ellect, can be observed via two crossed Nicol prisms. 
Does the observed pattern change if the direction of the 
electric field is reversed? 

8.35. When a source of light moves toward the observer, 
the optical Doppler effect manifests itself. The curves in 
the figure depict the dependence of the perceptible fre- 
quency of the light on the speed of the source of light, 
with one curve corresponding to the results predicted by 
classical theory and the other. to the results predicted by 
the theory of relativity. The ratio of the speed of the source 
to the speed of light is laid off on the horizontal axis, 
while the ratio of the perceptible frequency to the fre- 
quency of the light emitted by the source (i.e. of a fixed 
source) is laid off on the vertical axis. Which curve cor- 
responds to which theory? i 

8.36. To determine the directional velocity of the ions 
that move in an electric field in a plasma, one commonly 
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measures the wavelength of the waves emitted by the ex 
cited ions. The measurements are carried out in two direc- 
tions, counter to the direction of motion of the ions and 
"in pursuit" of the ions. The measured wavelengths are 
^, and As, respectively. Can we employ the classical for- 
mulas of the Doppler effect or must we use the relativis- 
tic formulas? The ion velocities range from 10! to 
105 m/s. 

8.37. The figure depicts the same spectral line emitted 
by agas at different temperatures. The wavelength is 
laid off on the horizontalaxis, while the ratio of the inten- 
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sity at a given wavelength to the maxim 
given temperature is laid off on the vertical axis. Which 
curve corresponds to a higher temperature? 

8.38. An electric current flows through a rarefied gas in 
a tube 1 (Figure (a)). The radiation emitted by the excit- 
ed positive ions is analyzed in the transverse direction 
by a Spectrograph 2. The wavelength distribution of the 
intensity of the radiation for one spectral line isshown in 


Figure (b). Can analvzi is distributi i 
š yzing this distribvtion viel - 
perature of the ions? à MR 


du n geste having the same shape and size but 
sue a sorption coefficients (immisivities) are heat- 
dus s Same temperature and placed in a vacuum. 
* Su t of emission of radiation the objects cool off. 
Curves in the figure show the change in temperature 
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al intensity at a 


in the process of cooling. The cooling-off time from the 
moment the objects were placed in the vacuum is laid off 
on the horizontal axis, while the temperature of the ob- 
jects is laid offon the vertical axis. Which curve character- 


PU DE 


(a) 


(b) 
Fig. 8.38 Fig. 8.39 
izes the object with a higher absorption coefficient and 
which, with a lower absorption coefficient? 

8.40. An ideal gas is placed inside a closed isolated vol- 
ume. The concentration of the molecules of the gas is 
n. At what temperature will the volume density of the 
kinetic energy of translational molecular motion in the 
gas be equal to the volume density of the energy of black- 
body (electromagnetic) radiation? Illustrate the result 
with numerical examples. 


8.41. Two separate segment 
in the energy distribution o 


s of equal area are isolated 
f blackbody radiation. Are 


Err 


Fig. 8.42 


Fig. 8.44 


ers over the respective wavelength in- 


the emissive pow 
What about the number of emitted pho- 


tervals the same? 
tons in each segment? 
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8.42. A student has sketched the curves representing p 
energy distribution in the emission spectrum of black- 
body radiation for two temperatures as shown in the figure. 
What mistake did the student make? 

8.43. Determine the volume density of the energy of 
blackbody radiation over the frequency range from M 
to v,. The radiation function is laid off on the vertica 
axis. : 
8.44. The figure shows two curves: one corresponding to 
the energy distribution of blackbody radiation at a cer- 
tain temperature obtained from theoretical “assumptions 
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Fig. 8.44 


(curve 7), and the other corresponding to the energy dis- 
tribution of the radiation emitted by a certain object 
that has been heated to the same temperature (curve 2). 
Why can we be sure that the experimental curve does not 
give a true picture? 

8.45. Curve Z in the fi 
tion in the emission 


e-half the respective 
while on the Segment from A, to A 
mains constant. Sketch the distrib 
coefficient (immisivit 
ject in question. 
8.46. The radiation emitted by a black body can be re- 
presented either by the energy distribution over the wave- 
lengths (Figure (a)) or by the energy distribution over the 
frequencies (Figure (b)). In the first case the wavelength 
at Which the black body emits a maximum amount of ra- 
diation is Xm, while in the second the frequency at which 
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ordinates of curve 7, 
2 the value of e, re- 
ution of the absorption 
y) over the wavelengths for the ob- 


the black body emits maximum amount of radiation is 
vg. Is it true that at a fixed temperature the quantities 
Am and vm are related through the formula vg = cA? 
8.47. Represent the volume density of the energy Si 
blackbody radiation in the form of a distribution function 
for the number of quanta in the energy of one quantum. 
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8.48. How does the volume specific heat capacity of 


the vacuum depend on temperature? 
8.49. According to the electromagnetic theory of light, 
the light incident on a surface always exerts a pressure 


on that surface equal to 
p- LB), (8.49.1) 


f the light, that is, the light 
energy arriving every second at a unit area of the surface, 
and R is the reflection coefficient. Can the origin of this 
pressure be explained in the same manner as is done in 
the kinetic theory of gases, where the pressure of a gas on 
the wall of a vessel is interpreted as transfer of momentum 


from each particle to the wall? 
] means by which one can 


8.50. Are there any practica ans | i 
obtain a beam of parallel rays of light in the mathematic- 
al sense (using the terminology of wave optics, a stream 
of strictly plane waves)? 


where I is the intensity o 
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8.51. The energy distribution function for photoelectrons 
has the form shown in the figure. What determines the 
maximal energy of the photoelectrons? 

8.52. In the Lukirskii-Prilezhaev experiments (also con- 
ducted independently by R. A. Millikan), the dependence 
of the stopping potential Ustop, that is, the potential 
needed to stop the photocurrent in a photocell and the as- 
sociated electric circuit, on the frequency of the light in- 
cident on the surface of the photocell is depicted by straight 
lines. How to find the Planck constant knowing the 


U stop 


Fig. 8.52 Fig. 8.53 


slope of these straight lines? In what respect do the para- 
meters that characterize these two straight lines difler? 
8.53. Two electrodes placed in a vacuum at a certain dis- 
tance from each other are connected electrically by a re- 
sistor. One electrode is illuminated with light from a 
source whose spectrum contains radiation with a wave- 
length X that satisfies the condition 


held > p, 


where p is the work function of electrons leaving the me- 
tal of the illuminated electrode. Will there 
in this circuit? 

ie A photocathode can be illumin 
dide ee each of which emits monochromatic ra- 
s te sources are positioned at equal distances 
rom the photocathode. The dependence of the photocur- 
dd on ihe voltage between the cathode and the anode is 
ie d by curve 7 for one source and by curve 2 for the 

: In what respect do these sources differ? 
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be any current 


ated by the light 


8.55. Two photocathodes are illuminated by the light 
emitted by a single source. The dependence of the photo- 
current on the voltage between the cathode and the anode 
is depicted by curve Z for one cathode and by curve 2 
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for the other? What photocathode has a higher work func- 
lion? 
8.56. The stopping potential applied between a photocath- 
ode and the respective anode is such that the fastest 
photoelectrons can fly only one-half of the distance be- 
tween the cathode and the anode. Will the electrons be able 
to reach the anode if the distance between the cathode and 
the anode is reduced by half but the voltage is kept con- 
stant? 

8.57. In one case of Compton scat 
an angle 0 to the initial direction o 


» 


tering a photon flies at 
f the incident photons, 


Fig. 8.57 


and in other case it flies at an angle 0. In which case is 
the wavelength of the radiation after scattering greater, 
and in which case does the electron participating in the 
interaction receive a greater portion of energy? 


9, Atomic and Nuclear Physics 


as flown over a great distance hits 
st. The impact parameter is zero, 
cident proton is directed 
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9.1. A proton that h 
a proton that is at re E 
that is, the velocity of the in 


along the straight line connecting the centers of the pro- 
tons. The mass of the proton is known, m, and the ini- 
tial velocity of the incident proton is vy. How close will 
the incidence proton get to the fixed proton? 


Fig. 9.1 


9.2. Suppose that the energy required to ionize a hydro- 
gen atom is W,. Must the electron, the hydrogen ion, and 
the helium ion have the same initial kinetic energies 


——— ned 


Fig. 9.3 


for the hydrogen atom to be- 
come ionized? 

9.3. The system of quantum 
levels of an atom is assumed 
to be like the one depicted 
in the figure. How will each 
of the energy components of 
the electron (the kinetic ener- 
gy and the potential energy) 
vary ifthe electron moves from a 
lower level to a higher level?! 
9.4. The quantum levels of 
atoms of hydrogen and deu- 


terium are only approximately the same (the difference 


between the two syste 


figure 
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). Which system of level. 
What is the reason for this di 


ms of levels is exaggerated in the 
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S belongs to which atom? 
screpancy? 


9.5. Every other spectral line in one of the spectral sé- 
ries of an ionized helium atom (the Pickering series) 
closely resembles a line in the Balmer series for hydrogen. 
What is the principal quantum number of the level to 
which the electrons transfer when these lines are emitted? 
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Why don't the lines coincide exactly? What is the mean- 
ing of the lines that lie in between the lines of the Bal- 
mer series? 

9.6. Four lines in the Balmer series lie in the visible 
part of the spectrum. What must the principal quantum 
number of the electron level in a doubly ionized lithium 
atom be for the lines emitted when electrons go over to 
this level to lie close to the lines of the Balmer series? 
What is the overall number of lines lying in this wave- 
length region? 

9.7. An electron moving in an atom is acted upon by the 
Coulomb force of attraction generated by the nucleus. 
Can an external electric field be created that is capable of 
neutralizing the Coulomb force and ionizing, say, a hy- 
drogen atom? Field strengths that can be created by 
modern devices are about 107 to 108 V/m. 

9.8. In a He-Ne laser, the helium atoms are excited from 
the ground state to two sublevels, 21S and 2%S, interact 
with Ne atoms, and give off their energy to Ne atoms, 
with the result that the latter are transferred to the 35 
and 28 levels. The Ne atoms in these states emit radia- 
tion and go over to the 2P level. In the figure, the 3S 
and 2S levels, each consisting of four sublevels, and the 
2P level, which consists of ten sublevels, are depicted by 
broad black bands. In addition to the above-mentioned 
transitions, a transition from the 3S state to the 3P 
level is possible, but we do not show this transition in 
the figure. From the 2P state, Ne atoms go over to the 
1S state, and then gradually return to their ground state. 
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Why don’t He atoms emit radiation during transitions 
from the 24S and 238 states directly to the ground state? 
What must be the relationship between the lifetimesol 
He atoms in states 3S, 2S, and 2P for continuous genera- 
tion of radiation to be possible? It has been established 
that of the two transitions, 3S —2P and 2S —> 2P, one 
is accompanied by radiation in the visible spectrum and 
the other, in the IR spectrum. Which transition corre- 
sponds to which spectrum? 

9.9. The angular momentum of electrons in an atom and 
ts spatial orientations can be depicted schematically by 


25 35 
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> 
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He Ne 
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a vector diagram where the length of the vector is pro- 
portional to the absolute value of the orbital angular 
momentum of an electron. What vectors in the diagram 
correspond to the minimal value of the principal quantum 
number n and what are the values of the quantum num- 
bers l and m? 

9.10. In the Stern-Gerlach experiment, which was con- 
ducted with the aim of discovering the spatial quantiza- 
tion of an atomic magnetic moment, a beam of silver atoms 
is sent through a nonuniform magnetic field generated by 
magnets whose configuration is shown in the figure. Why 
does the experiment require a nonuniform field? 

9.11. The intensity distribution of X-ray radiation over 
wavelengths consists of a continuous spectrum, which i8 
limited from the short-wave side by a limit wavelength 
Am, and a characteristic spectrum, which consists of sep- 
arate peaks. In the figure (with an arbitrary scale) we 
depict such a distribution for a voltage U, applied to the 
X-ray tube. How will the distribution change if the vol- 
tage is decreased three-fold, that is, U, = (4/3) Ui? 
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9.12. An electron is inside a potential well with verlical 
walls. The electronic wave function is depicted in the 
figure. Is the depth of the well finite or infinite? 


Fig. 9.10 
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Fig. 9.12 


9.13. An electron is in motion ina potential well of infi- 
nite depth. Depending on the electron kinetic energy, the 
electronic wave function has different configurations de- 
picted in the figure. Which of these states is reLained when 
the width of the potential well is decreased two-fold? 
By what factor will the minimal kinetic energy of the 
clectron change in the process? 
9.14. From the viewpoint of the optical analogy of the 
Wave properties of an electron, the regions of space where 
il possesses different potential energies may be interpret- 
ed as regions with different refractive indices. In the 
figure two such regions are depicted, the regions are sepa- 
rated by a boundary where the potential energy P expe- 
riences a jump. In which of these regions is the refractive 
index greater? In which of the two cases, when the elec- 


iron moves from left to rig i 


p ht or when it moves from 
right to left, will the phase of the wave function be re- 
lained under reflection o 


f the electron from the barrier, 
and in which will it change 


to its opposite? 
9.15. An electron moving from left to right meets an ob- 
stacle, which in one case is a step (Figure 


(a)), and in the 
other a barrier (Figure (b))- What are the probabilities 
of the electron overcoming the step ar 


d the barrier ac- 
cording to the classical theory and the quantum theory in 
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two separate cases, namely, when the electron kinetic 
energy E is lower than P and when it is higher than P? 
9.16. An electron moving from left to right passes through 
three regions: J, JJ, and IJI. Its kinetic energy in re- 


y 
MW 


gions J and III is the same, E. Assuming the poten- 
tial energy in these two regions to be zero, find the rela- 
tionship between the kinetic energy Æ and the potential 


E Xo x 3j. X x 
j (a) (b) 
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Fig. 9.13 
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Fig. 9.14 


Fig. 9.15 
energy P in region IJ if the electronic wave function has 
"es configuration depicted in the figure. 

A7. According to classical kinetic theory, absolute ze- 
ro is the temperature at which molecular motion ceases. 
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Tn relation to a solid body, this means that the thermal 
oscillatory motion of atoms or molecules forming the 
crystal lattice also ceases. Is the same conclusion valid 
Írom the standpoint of quantum mechanics? 
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9.18. In an experiment set up to study the diffraction of 
electrons, a beam of electrons whose energy can be varied 
by varying a potential difference is directed to a surface 
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i The diffracted (scattered) 
of a single crystal at an angle 0. The 

beam yel be by a detector positioned at the same an- 
gle 0 (Figure (a)). In the experiment, the current of the 
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scattered electrons was measured as a function of the ap- 
plied potential difference used to accelerate the electrons. 
The results were plotted on a diagram, with the square 
root of the accelerating voltage laid off on the horizontal 
axis and the electron current, along the vertical axis. The 
curve consists of a number of alternating maxima and 
minima. As Figure (b) shows, the distance between the 
maxima at first is not the same, and the greater the vol- 
lage, the smaller the discrepancy. Explain the pattern 
of maxima and minima. 

9.19. The number of protons and the number of neutrons 
in the nuclei of stable isotopes are laid off on the horizon- 
tal and vertical axes, respectively. Why does the fraction 
of neutrons in the overall number of nucleons increase 
with the mass number of the nuclei? 

9.20. How many nucleons can there be in a nucleus on 
the lowest quantum level? 

9.21. A counter registers the rate of radioactive decay, 
that is, the number of radioactive decay acts taking place 
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every second. The results obtained in such measure- 
ments are plotted in the form of a diagram in which the 
lime interval from the beginning of counting is laid off 
on the horizontal axis and the logarithm of the decay 
rate, on the vertical axis. How to find the half-life of the 
radioactive element from such a diagram? 

9.22. In the Periodic Table, we select three consecutive 
elements, say, a, b, and c. A radioactive isotope of ele- 
ment a whose proton and mass numbers are placed at the 
symbol of the element transforms into element b, which 
in turn transforms into element c. This last element trans- 
forms into an isotope of the initial element a. What pro- 
cesses cause the transformations a — b, b +c, and 
€ — a? What are the proton and mass numbers of the nu- 
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clei of elements b and c and those of the nucleus of ele- 
ment a after the final transformation is completed? 
9.23. A number N, of atoms of a radioactive element are 
placed inside a closed volume. The radioactive decay 
constant for the nuclei of this element is 4. The daughter 
nuclei that form as a result of the decay process are as- 
sumed to be radioactive, too, with a radioactive decay con- 
stant As. Determine the time variation of the number of 
such nuclei. Consider two limiting cases: AV» M and 
ML M. 

9.94. The track of a beta particle (an electron) in a 
Wilson chamber has the shape of a limacon (a spiral). 
Where does the track begin and where does it end? How 
is the magnetic field that forces the beta particle to move 
in this manner directed? 

9.25. In beta decay, the velocity of the nucleus that emits 
an electron is not directed along the line along which the 
electron velocity is directed. How can this phenomenon 
be explained? 
9.26. The track of a proton in a Wilson chamber has a 
"knee", where the proton changes its trajectory by 45°. 
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Momentum and energy conservation implies that the 
proton has collided with a neutron. Which of the two par- 
ticles has a higher energy if the neutron is considered to 
be initially at rest and free? 

9.27. The track of an alpha pa 
filled with a gas has a "knee", 
its direction of flight by an angle 
ing with what gas in the Periodi 


Possible? 
ve ions are emitted by an accelera- 


9.28. Two radioacti k 
tor in the same direction with the same velocity v whose 
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rticle in a Wilson chamber 
where the particle changes 
greater than 90°. Start- 
c Table is such a track 


absolute value is close to the speed of light. Following this 
event, the nuclei of the ions emit electrons (each nucleus 
emits one electron). The velocity of one electron coin- 
cides in direction with v while the velocity of the other 
electron is in opposition to v. With respect to the nuclei the 
electron velocities (their absolute values, that is) are the 
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same, v. Find the electron ve 
(fixed) accelerator and the v 
respect to the other. 

9.29. Within the framework of the “classical” Bohr the- 
ory, an excited alom is an atom one electron of which 
moves along an orbit that is farther from the nucleus 
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locities with respect to the 
elocity of one electron with 


Fig. 9.30 


than in the ground state (Figure (a). When the atom 
goes over to its ground state (Figure (b)), the atom emils à 
photon. In the literature, especially popular-science lit- 
erature, the common way to describe this process is to say 


that mass has transformed into energy. Is this actually 
the case? 


9.30. Two charged 
moving in an accele 
each particle on the 
l and 2 in the fig 
greater rest mass? 


9.31. The principle of operation of a linear accelerator 
is illustrated i 


in the figure accompanying the problem. 
t i i ource and is accelerate 
tial difference U between source S and cylin- 
: Vuring the time it takes the particle to fly through 


particles acquire equal energy € 
rator. The dependence of the mass 9 
energy acquired is depicted by curves 
ure. Which of the two particles has 


cylinder 7, the potential difference between 1 and the 
next cylinder, 2, changes its sign and, leaving cylinder 
2. the particle again finds itself in an accelerating field 
with the same potential difference U. The length of cylin- 
der 2 is selected such that when the particle leaves this 
cylinder, the field will again change sign, so that the 
particle is accelerated anew, and so on. If the particle has 


Fig. 9.31 


passed JV gaps between the cylinders, the energy it acquires 
is W = eUN (it is assumed that the particle is singly 
charged). Since as the particle is accelerated the path it 
traverses in the course of a single change in polarity be- 
tween the cylinders increases, each subsequent cylinder 
must be longer than the previous one. However, at a cer- 
tain high energy the size of "cylinders ceases to grow. 
What determines the maximal length of a cylinder if the 
frequency of variation of the voltage between the cylin- 
ders is v? 

9.32. Why cyclotrons are not employed to accelerate elec- 
trons? What generated a need for building more complex 
accelerators such as the synchrocyclotron and the syn- 
chrophasotron? 
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9.33. Two samples of radioactive iron “Fe emit gamma- 

ray quanta. One sample is placed at an altitude H above 

sea level and the appropriate detector at sea level, while 
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the second sample is placed at sea level and the appropri- 
ate detector at altitude H. Which of the two detected 
quanta has a higher frequency? 

9.34. In observing Cerenkov radiation it was found that 
light propagates at an angle 0 to the direction of electron 
motion. Find the refractive index of the substance in 
which the radiation is excited. 


Answers and Solutions 


4. Fundamentals of Mechanics 


flight from A 


14. If AB = AC =1, then the times of 
Wc — v) and 


to B and from B to A are, respectively, 
U(c + v). The entire flight time is 

l l 2lc 
ptt a 
ane to fly from A to C, its velocity 
angle to the direction of the wind 


t= 


For the second airpl 
must be directed at an 


Fig. 1.1 
er that the resulting velocity directed to- 


in such a mann 
— y)? in magnitude. The entire 


ward C is equal to (c? 
flight time of this airplane will be 
2l 
b= ya 
The second airplane will arrive before the first, and the 
flight time ratio is 


tt = Y TZI. 


1.2. The figure shows that 


v, sin t - u u 

— ws = tana+ vesc 

tan 0 Vp COS Œ F vg COS & 
uation 


Velocity v can be found from the eq 


(vy sin @ + u)? + vs cos? a, = v?, 
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which yields 
van 14-2 4 - sina. (i). 


The boat will travel directly across the river if 0 — O. 
Under this condition, sin œ = —u/v,. Obviously, the 
boat can travel at right angles to the current only if vo 
is greater than u. 
1.3. The time of travel by boat from A to C is 
t =V F è/o. 

The time of travel by foot from C to B is 

t, = V (d— 1) + 0/v,. 
The total time of travel is 


Apa / (d— 28 43-pà 
bii diues Vare LN (à DEL 
1 Vg 
The extremum condition is dt/dz = 0, or 
dt ri d—z 4d 
dz ^ y V Fa va V (d— 2) Fb — 
Since 
-= =sinq and ——2—7 = sin Oe; 
Veta V (d— zy? +02 


we can write sin a/v, = sin «,/v,, whence 


sing; — vi 


sin as US * 
We can easily see that the extremum corresponds to the 
minimum of time of travel. 
1.4. The time of travel along straight line BC is deter- 


mined by the length S of segment BC and the accoleration 
w. The figure shows that 


S=V Fh, w= 4 


ü 
Y a? Fh? 8 
Since S = wt?/2, we can write 


ep d h 
Va +h “tm 


= 2 (+h?) 
(y Ten 


whence 
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Nullifying the derivative (the extremum condition), 


dt h?—a? =) 
dh V 2gh* (a° +h?) 


yields k = a. 
The same result is obtained if we express S and w in 


terms of a: 
S — alosa, w=gsina, 


fz a 
t= 7 sina-cosa ` 


Nullifying the derivative dé/da, we find that & = 45°. 
1.5. The acceleration in rectilinear motion is the second 
derivative of the distance traveled with respect to time. 
For a concavecurve the second derivative is positive, while 
for a convex curve the second derivative is negative, 
whereby curve (a) corresponds to decelerated motion and 
curve (b) to accelerated motion. 

1.6. By definition, acceleration is the time derivative of 
velocity, w — dv/dt. For rectilinear motion the vector 
equation can be written in scalar form. The acceleration 
is the highest when the derivative is the greatest, that is, 
when the curvature of the curve is maximal. The curva- 
ture is determined by the slope of the tangent line to the 
particular point on the curve. This corresponds to mo- 
ment 2 on the time axis. Note that for curvilinear motion 
the question contains an ambiguity, since to determine 
the acceleration we must know the radius of the trajectory 
at every moment in the course of the motion in addition 
to the magnitude of the velocity. To find the average veloc- 
ity, we must know the distance traveled by the particle 
in the course of a definite time interval. In terms of the 
velocity vs. time graph, the distance traveled is the area 
of the figure bounded by the curve, the time axis, and 
the vertical straight lines passing through the initial and 
final moments of time on the time axis. Analytically the 
distance is calculated via the integral 
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whence the average velocity is 


ts 
j vdt 
—ÁÓ 
ves to— ty 


1.7. In terms of the velocity vs. time graph, the distance 
traveled is determined by the area bounded by the curve 
and the time axis. This 
area is 


ELS 
S= Fm: 


The average velocity is 


Such motion cannot be re- 

Fig. 1.8 alized in practical terms 

since at the initial and final 

moments of the motion the acceleration, which is dv/dt, 

is infinitely large in absolute value. 

1.8. The particle will never get to point B but will ap- 

proach it without bound. Indeed, from the equation 
V = Vo — ax we get 

dz 


Vp — ax 


Integration of this expression yields 


— dt. 


whence 
c= (4 e), (4.8.1) 


The limit value zm = vela can be attained only at 
t — co. The dependence of x on t defined by Eq. (1.8.1) 
1s represented by the curve shown in the figure. 

1.9. The acceleration 


..dv dv dz 
V= ae ae dr TE ot ka) 


increases with z. 
e following line 
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The same result can be obtained from 
of reasoning: at constant acceleration 


the relationship between the velocity and the distance 
traveled is given by the formula 


á 
2 = v2 + 2w, 


so that the velocity increases in proportion to the square 
root of the distance. Hence, for the velocity to increase 
linearly with x, the acceleration must increase. 

1.10. The train covers the distance dz in the course of 
dt — da/v (x), where v (x) is the speed with which it 
travels over dz. The total time of motion is 


T ] 
ar 
i^g 
0 


d is determined by dividing the distance 


The average spee 
ain by the entire time of motion: 


covered by the tr 


annot be represented by a formula, it can 
be reconstructed into the {/v vs. z graph. In this case the 
integral in the denominator of the expression for vay 
can be evaluated by graphical means. 

1.11. The speed with which the lower end of the rod 


moves, v, = da/dé, can be written in the form 


If the graph c 


ym —y we can write 


a___ E 
dy VP’ 


Since z = 


whence 
yl vy | 


gy x5 Roll. 


v= —yg—yg d VP 


Thus, the speed of the lower end gets smaller and smaller 

and vanishes at y = 0- : 

1.12. Since the drag is proportional to the velocity of the 

object, so is the acceleration caused by this force (with a 
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minus sign). Hence, by Newton's second law, 
dv 
aE, 


where r is the proportionality factor. Whence 
v 


t 
jener a 


Integration yields* 
v- (vo +) eri, 
i (1.12.1) 
For v — 0 this yields 
tm=+ In (1 + T) 
m r E » 
(1.12.2) 


B find the maximal altitude, we rewrite (1.12.1) in the 
orm 


Fig. 1.12 


dh m D 
a= (ott) E. (1.12.3) 


Integrating this equation up to t, we find that 
1 T E 
h=(v+£) aeh- £t. (1.12.4) 


Bearing in mind that at the point of greatest ascent v = 
dh/dt =0 and combining this result with (1.12.3), 
we get 

(2+4) oUm E, (1.12.5) 
Combining (1.12.4) with (1.12.5) yields 


he Yo— gim 
EE 


Substituting tm from (1.12.2), we arrive at the final re- 


sult 
ECL 
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When drag is extremely low, or ru /g« 1, we can employ 
the expansion 


"(rem)e-EUR- 


This results in the well-known formula 


* The section of the curve that lies below the ¢ axis (see the 
figure) corresponds to the descent of the object after the 
object has reached the maximal altitude. The rate of descent 
asymptotically approaches the value at which the force of 
gravity is balanced by the drag. 


1.13. The acceleration vector can be decomposed into 
two components, the tangential acceleration Ui, which is 
directed along the same straight line as the velocity of 
the particle, and the normal acceleration Wp, which is 
perpendicular to the velocity. For instance, for 0 > 90° 
(see Figure (a) accompanying the problem) the tangential 
acceleration is directed opposite to the particle’s velocity 
and the motion in this case is decelerated, w < 0. The 
presence of a nonzero normal acceleration suggests that 
the motion is curvilinear. The situation for the other 
cases is as follows: for 0 < 90° (Figure (b)) the motion is 
curvilinear and accelerated, for 0 = 90° (Figure (c)) the 
motion is curvilinear and uniform, and for 0 = 80° 
(Figure (d)) the motion is rectilinear and decelerated, 
w < 0. Of course, characterizing the motion by the angle 
between the velocity v and the acceleration w is meaning- 
ful only for a definite moment in time. Subsequent mo- 
tion may change this characteristic. 

1.14. The normal acceleration is 


wy = V/R = oR, 


whence the linear velocity grows in proportion to the 
square root of the curvature radius of the spiral, while 
the angular velocity decreases by the same law. 

1.15. When the angle between the total acceleration and 
the radius becomes equal to 45°, the normal acceleration 
becomes equal to the tangential acceleration. Since 
wy = wR and w, = eR, we have o? — e, and since 
o = et, we have et? = e, with the result that 


e = Alt". 
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1.16. The acceleration with which the object moves is 
the acceleration of gravity, which at all points of the 
trajectory is directed vertically downward. From the 
figure that accompanies the problem we see that as the 
object ascends the tangential acceleration decreases while 
the normal acceleration grows. At the highest possible 
point the tangential acceleration is zero while the normal 
acceleration is equal to the acceleration of gravity. 
1.17. Since at point A the sled's velocity is zero, so is the 
normal acceleration wp = v?/R. The tangential accelera- 
tion, is directed down the 
hill; along the tangent to 
the surface of the hill. 
The figure accompanying 
the answer shows the forces 
that act on the sled. These 
are the force of gravity mg 
and the reaction force N 
exerted by the surface of 
the hill. The resultant F 
is directed downward along 
Fig {1.17 the hill. According to 
Newton's second law, the 
acceleration vector points in the same direction as the 
resultant. If there is friction, the resultant vector does 
not change direction but becomes somewhat shorter, 
with the result that the tangential acceleration becomes 
smaller, too. 
1.18. The acceleration vector points in the direction of 
the resultant of the forces acting on the object. At the 
lowest possible point only the force of gravity and the re- 
action force act on the body, provided that there is no 
friction. This means that at this point the object experi- 
ences no tangential acceleration. Since the object is mov- 
ing along a curvilinear trajectory with a certain veloci- 
A pon E. a normal acceleration, which is directed to- 
tee tien ge o n of the trajectory. This acce- 
"d generated by the difference between the reac- 
ce exerted by the surface and the force of gravi- 


ty. 

1.19. In the cour 
will vary from @ 
direction of the 
This angle is eq 
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se of time At the angular velocity vector 
110 0, without changing its length. The 
vector will change by an angle of AQ- 
ual, on the one hand, to | Ao | /o and, 


on the other, to AS/R, where AS stands for the displace- 
ment of the center of the wheel.* This displacement is 
equal to QRAt, where Q is the angular velocity of the 
center of the wheel. Thus, 
| Ao |/o=QRA/R and e= lim 49 —oQ. 
at+o At 
When the wheel is rotating, the point at which it touches 
the arena will shift in the course of At by a distance of 
roAL on the wheel and by 
RQAL on the arena. Hence, o 
and Q are linked by the fol- 
lowing formula: or = QR, 
whence 
- 
go E’ 
* It isassumed that Ap< 1 rad. 


1.20. The height of the cen- 
ter of mass of the vessel with 
the liquid is determined by 
the formula 
M (IT/2)--m (2/2) ij p 
ur cc mM (1.20.1) 
where m is the mass of the liquid. We rewrite (1.20.1) 
by replacing the mass of the liquid with 62: 
4 MH+ 2 20.2 
h.—v Wer r (1.20.2) 


Nullifying the derivative of h with respect to x, 


dhe 4 26z(M--6z)—6 (MH +6) |. 
dr ^ 2 (M 62)? , 


Fig. 1.19 


he 


we gol 
r M? MH M 1.20.3 
cy ete e" ( ) 
Of course, only the positive value of the 
cal meaning. Substituting this value into 
will find the position of the center of mass. 
tary transformations we get 


root has physi- 
(1.20.2), we 
Alter elemen- 


M2 MH M 
S paa RE S 
he V 8 5 6$ 5 
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We have found that the position of the center of mass Co- 
incides with the level of the liquid. 

Here are some particular cases: 

(1) 6H — M (the liquid filling the vessel completely 
has a mass equal to the mass of the vessel). Then 


he=2=H(V 2—1) ~ 0.41H. 
(2) 611« M. Let us transform (1.20.3) to the form 
M [1/408 , 
(y tr -1). 


The fraction in the radicand is considerably less than uni- 
ty. Expanding (1 -+ H/M)" in a series and retaining 
only three terms, we gel 
mE: (14 òu Nut. 
ô ! 2M 8M? * 


r= 


or 


My 8l 
ho—x 2 (1—4ur)- 
The level of the liquid is below the middle of the vessel 
by an insignificant, distance. 
(3) 6H x M. Let us transform (1.20.3) to the form 


à M: M M 

s u(y aut + tH on) 

Bearing in mind that (4/617)? >> A1/6H, we can assume 
that the expression inside the parentheses in the above 
formula is simply (A//6//)'/, whence 


he = xe H (M/bH)'". 


The level of the liquid is above the bottom of the vessel 
by an insignificant distance.’ 

1.21. For the object to be in a state of equilibrium in re- 
lation to the wall of the funnel the resultant of the forces 
acting on the object must impart an acceleration to the 
object logether with the funnel. These forces are the force 
of gravity and the reaction force exerted by the funnel. 
Since the force of gravity is constant in this problem and 
the resultant must be directed horizontally, the direction 
and magnitude of the reaction force are determined uni- 
quely. But the latter has a different value at different 
distances from the funnel axis. At a constant angular ve- 
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locity of the funnel, the greater the radius of rotation the 
greater the reaction force. For this reason (see the figure 
accompanying the answer) as the object moves farther 
from the funnel axis, the resultant of the force of gravity 
and the reaction force acquires a component directed up- 
ward, while as the object moves closer to the axis, the re- 
sultant acquires a component directed downward. In 


Fig. 1.22 


Fg. 1.24 


the first ease the object Lends to move away from the axis 
still further and rises, while in the second case it tends to 
move toward the axis and lowers. Thus, the state of equi- 
librium is unstable. 

1.22. It is convenient to think of the vessel with water 
as a noninertial system. In this case, on each particle of 
water there acts, in addition to the force of gravily, a 
force of inertia equal to the product of the particle’s mass 
by the acceleration taken with the minus sign. The sur- 
face of water is a plane perpendicular to the vector of the 
resultant of these two forces. The slope of this surface in 
relation to the horizontal plane is 

tana = w/g. 

1.23. Just like in the answer to the previous problem, 
the vessel with the liquid to be a noniner- 
tial system, in which a force of inertia equal to —mw = 
— mor acis on every particle of mass m. The resul- 
tant of this force and the force of gravity is perpendicular 
to the surface of the liquid. The derivative dy/dx, equal 
to the slope of the line tangent to the surface at a given 


point, is 


We can assume 


dy moz 
—=tana= ° 
dz g mg 
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Integrating, we find that 


o? 
: 2 
j= pr 


The surface of the liquid is shaped in the form of a parabo- 
loid of revolution. 

1.24. Just like in the answers to Problems 1.22 and 1.23, 
the vessel can be assumed to be a noninertial system. In 
such a system, every mass element of water, say, an ele- 
ment whose volume is equal to the volume of the piece of 
cork, is in a state of equilibrium due to three forces: 


ok. 


Fig. 1.23 Fig. 1.24 


the force of pressure of the surrounding water, the force 
of gravity, and the force of inertia, which is equal to the 
product of the element’s mass by the normal acceleration 
of that element taken with the minus sign (Figure (a))- 
'There are also three forces acting on the piece of cork that 
replaces the element of water: the force of pressure of the 
surrounding water is the same but the forces of gravity 
and inertia are lower. As Figure (b) shows, the net force 
(the difference between the force of pressure and the 
forces of gravity and inertia) make the cork rise to the 
surface and, at the same time, move toward the axis of 
the vessel. 

A similar line of reasoning forces us to conclude that 
an object with a density greater than the density of water, 
when immersed into a rotating vessel with water, wil 


m and, in the process, move toward the wall of the ves- 
sel. 
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1.25. According to Newton's second law, 
t 
f F dt = Amv. 
D 


In the case at hand, 


t 
| Fdt—Fyl2, 
0 


whence 
v = Fyt/2m. 
1.26. The work performed along ac’ is 
A, = ac' mgk. 


s 
1 he work performed against the forces of friction on the 
inclined segment ac is 


' 
ac 
A, = ac mgk cosa = oq mgk cosa — ac' mgl. 


ha see that the two quantities coincide, and so, obvious- 
y, do the similar quantities for c'b and cb. The change in 


the potential energy about ac'b and acb is zero. Thus, the 
work performed against the forces of friction along 
ac'b and that performed against the forces of friction 


along acb coincide. 

1.27. The initial potential energy of the object with res- 
pect to the bottom of the hill, mgh, has been used up for 
Work against the force of friction. In returning the body 
lo its initial position, the force performs the same work 
and, in addition, imparts to the object the initial poten- 
lial energy. As a result, the total work will be 2mgh. 
1.28. The work performed on an elementary segment of 
displacement is equal to the decrease in potential energy: 


dA = —dW. 


Che same work can be represented as the product of force 


by displacement: 


dA = Fda. 


Hence 
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Forces known as quasielastic also obey this law. 
1.29. When the object is immersed in the liquid, two 
forces act on it: the force of gravity and Archimedes 
force. If V is the volume of the object. the resultant of 
these two forces is 
F = V (Poy — Pug f- 

For Pop > (ig: as the object is immersed in the liquid, 
its potential energy continues to fall below zero, but slow- 
er than it would in air. The rate of this decrease is the 
higher the greater the value of pop. Straight line Z in the 
figure accompanying the problem corresponds to an object 
sinking in a liquid. When p = Pug: the potential ener- 
gy remains constant (straight line 2 coinciding with the 
x axis). If Pop < iq, the potential energy of the object 
begins to increase when the object sinks into the liquid 
(straight lines 3, 4, 5), and the rate of this increase is the 
higher the lower the value of pg. The potential energy, 
while growing, cannot exceed the initial potential energy 
of the object in air (the dashed horizontal line), and the 
object can attain this level only when the medium exerts 
no drag on it. If this is the case, the object will sink to a 
certain level in the liquid, slop, and then return to the 
surface with the same speed at the surface as it had when 
it entered the liquid. Once out of the liquid, the objec! 
will rise to the height determined by the initial potential 
energy. After this it drops back into the liquid, and so 
on. Of course, under real conditions the drag exerted by 
the medium will slow down the object, and the greater 
i ey ol the liquid the faster this happens. 

the density of the material of the object is one-half 
the density of the liquid, Pop = (1/2)pyq, then 


F = Vpoyg. 


In this case the difference. between Archimedes’ force and 
the force of gravity is equal (in absolute value) to the 
latter but is directed in opposition to the force of gravity: 
The slope of the straight line must be the same as thal of 
the straight line that represents the variation of the po- 


tential ^ alli , TAS è : 
; mu m of a falling object. Straight line 4 has such 
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1.30. The formula that links the force acting on an object 
with the potential energy of the object, 

r= 
shows that equilibrium, which occurs when the force is 
zero. sets in when dW/dr = 0. There are two such points 
on the curve, point 2 and point 4. Since when the object 
moves away from point 2 its potential energy increases 
while when it moves away from point 4 its potential ener- 
gy decreases, at point 2 equilibrium is stable and at point 
4itisunstable. The fact that a system always tends to 
a state in which its potential energy is minimal implies 
that repulsive forces act on the 1-2 and 4-5 segments and 
an attractive force acts on the 4-2 segment. 
1.31. Momentum conservation for the given problem can 
be written thus: 

M Vo = mau, d aus, (1.34.4) 
where m, is the bullet’s mass, m. the load's mass, Vo 
the initial velocity of the bullet, u, the final velocity of 
the bullet, and x, the velocity acquired by the load as a 
result of the collision. From (1.31.1) it follows that 

pp mu) (4.31.2) 

E ma 
If the bullet flies through the load, after it has left the 
load it has a velocity that is surely greater than us. 
We write u, = us + V. Substituting this expression into 
(1.81.1), we get 

mL (v4 — V) 1.3 

g— m (1.31.3) 
If the bullet gets stuck in the load, then uy = Ug and, 
hence, 

enc iaa. (1.31.4) 


2 mi4- ms ' 


Finally, if the bullet recoils from the load, the velocity it 
acquires after collision. Uy, is negative and (1.31.2) can 


be written in the form 


ic m cl u l) ? (1.31.5) 
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A comparison of (1.31.3), (1.31.4), and (1.31.5) shows that 
the load acquires the highest velocity (and the greatest de- 
flection, as a result) when the bullet recoils from it, while 
the lowest velocity is acquired when the bullet pierces 
the load. 

1.32. For the sake of convenience we employ a coordinate 
system in which the velocity of one of the spheres prior 
to collision is zero. According to the energy conservation 
law, in the case of an absolutely elastic collision we have 


where m, and m, are the masses of the spheres, v, is the 
velocitiy of the first sphere prior to collision, and u 
and ug are the velocities of 
the spheres after collision. 
Since the masses of the spheres 
are the same, we can write 


E us 2 2 
v = uy + uj. 


The velocity vector v, is the 
hypotenuse of a right triangle 
whose sides are the velocity 
2 vectors u; and uy, and hence 
Fig. 1.33 the angle between u, and u, 
is 90%. 
1.33. Let u, and u, be the final velocities of the impinging 
sphere and the one that was at rest prior to collision, res- 
pectively, and 0 is the angle between u; and v,. The equa- 
lions that express the laws of conservation of energy and 
momentum (for each projection) have the following form: 


m v? u? 2 
uü— vex (1.33.1) 
maU = m,u, cos 0 4- maus cos (p, (1.33.2) 
mu, sin 0 + mu, sin q = 0. (1.33.3) 


If m,, m, and v, are fixed, then Uy. Uy, 0, and q are 
linked through three equations. For this reason two of the 
four variables can be excluded and the variable 0 can be 
expressed in terms of the third remaining variable, say, 
uy. Taking mu; cos 0 to the left-hand side of Eq. (1.33.2), 
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squaring the result and Eq. (1.33.3), and adding the two 
squares, we get ' 
m3 (v — 2u,us cos 0 + ul = miu. 


(1.33.1) and 


Replacing wy with its value obtained from 
al 


carrying oul the necessary transformations, we arrive 
a quadratic equation for uj; namely, 
mı— m 2 

1 =0, (1.33.4) 


m 
uw2— 2 —— y 
i RE y cos 0 Xut ur 


whose solution has the form 


m (cos0 + / (22) —sint0) v. 0.33: 


fo m,dma 


This equation shows that the maximal angle 0 is deter- 


mined by the condition 
sin Om = M/m. (1.33.6) 


For values of 0 smaller than Om two cases are possible, 
since two distinct values of u, correspond Lo one value of 
0. For example, for m;/m; = 3 and sin 0 — 0.2, the veloc- 
ily u, may have two values, 0.93v, and 0.53vp. The first 
collision is commonly known as soft, while the second is 
commonly known as hard. The extreme case of soft col- 
lision is the grazing collision (or even the case where one 
sphere misses the other), while the extreme case of hard 
collision is the head-on collision, after which the ve- 
locity of the impinging sphere becomes 
_ mym 
Uy = mi Fm 
Condition (1.33.6) can be obtained ir 
as well. For instance, if we express cos 0 via 
namely, 


1 uy vo 
E AL. — m) —- 
cos 0 OF (m, + m5) m T (m, 2) ae 


Up: 


a another manner 


(1.33.4), 


s 0 with respect to Uy, 


and nullify the derivative of co : 
the maximal val- 


we can find the minimal value of cos 0 or 
ue of sin 0. The motion of the impinging sphere can also 
be considered using the system of coordinates linked with 
the center of mass of the two spheres. If in the laboratory 
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system the coordinates of the spheres are z, and vy. then 
the coordinate of the center of mass is 


mızı + 
mitma 


while the velocity of the center of mass is 


mı 


e mtm € 


Correspondingly, the velocity of the impinging sphere in 
this system prior to collision is 


" 
Uo 


jg — Ug = Ug. 


As a result of the collision the vector v, retains its 
length but turns through a certain angle depending on the 
distance between the center of the second sphere and 


mo z = 
Pe E MUo Vo 
m, 
mj, 
mj; mu, 
mj; 
mj; 
(a) t) (c) 


Fig. 1.33 


Ee direction of flight of the impinging sphere prior to col- 
vem The velocity u; is equal to the sum of vi and Ve 
i 10 momentum vectors of both spheres are shown in the 
EN UE three cases: soft collision (Figure (a)) and hard 
e gece (Figure (b)) for*m,/m, = 3 and sin 0 = 0.2 
thy case with sin 0 = m/m, -1/3 (Figure (c))- 
he H H . . T "um ie 
velocity of the impinging sphere after collision is 
Mvo 
u= : N 
t mk ma cos 0 - 0.70709. 
Th -discuss ssl 
* Yee discussed problem is important for the theo- 
mic collisions. For instance, if a potassium ion 
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impinges on a helium atom (m,/m, = 10), as a result ofan 
elastic collision the ion may be deflected by an angle no 
greater than 5.77. 
1.34. We will consider each case in the order that it ap- 
pears in the problem. 

(1) The directions of the velocities of the spheres in the 
laboratory system are shown in the figure accompanying 


^ 
PA 4 
YT 
—>j, 
LEV 
& MP 
n & 
yz 
(a) (5) 
" 
us VT 
(60 (d) 
Fig. 1.34 


the problem. If at the moment of collision we project the 
velocities of the spheres and the corresponding momenta 
on two axes one of which coincides with the direction of 
the initial velocity of sphere / and the other with that 


of the initial velocity of sphere 2, then in the first of 
these two directions the spheres exchange the respective 
projections of the velocities, just like in a head-on elastic 
collision. Sphere 7 stops in the process: Since in the colli- 
sion the force acts along the straight line connecting the 
centers of the spheres, the initial velocity of sphere 2 
is conserved, with the velocity of sphere 7, which is per- 
pendicular to the initial velocity of sphere 2, added to it. 
As a result the velocity of sphere 2 becomes equal to the 
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geometric sum of the initial velocities of both spheres, 
that is, v, V 2 (Figure (a)). 

(2) To determine the velocities of the spheres in the cen- 
ter-of-mass system, we decompose the velocity vector 
of each sphere into two perpendicular aud equal compo- 
nents, Via, Vib ANA Vaa, Vab. The components Vya and 
Vəa are equal in magnitude and point in the same direc- 
tion. Obviously, the common center of mass moves in 
the same direction and with the same velocity, ve, with 
respect to the laboratory system. Therefore, in the system 
linked with the center of mass there are only the yeloci- 
ties v,, and vap. The velocities of the spheres after colli 
sion can be obtained if we subtract e, From the velocities 
of the spheres in the laboratory system. The other veloc 
ities are shown in Figure (b). 

(3) In the system linked with sphere 7, the sphere, ob- 
viously, remains at rest during the entire collision process. 
The velocity of sphere 2 in this system can be obtained by 
subtracting geometrically the initial velocity of sphere / 
from the velocity of sphere 2 in the laboratory system. 
Since the velocity of sphere / after collision is equal, in 
the laboratory system, to zero and is also zero in the sys- 
tem linked with sphere 7, the velocity of sphere 2 in 
this system after collision is the same as in the laboratory 
system (Figure (c)). 

(4) In the system linked with sphere 2, the velocity 
of sphere 7 is obtained by subtracting geometrically the 
initial velocity of sphere 2 from the velocity of sphere 7. 
After collision the velocity of sphere 7 is equal, in abso- 
lute value, to the final velocity of sphere 2 in the labora- 
tory system and points in the opposite direction (Figure 
(a). 

_In conclusion we would like to bring the reader's atten- 
lion to the fact that the angular momenta of the spheres 
with respect to the center of mass remain constant during 
the entire collision process. In collision, the center of 
mass is the point where the spheres touch and the angular 
momentum of sphere Z is zero and remains such after 
collision. The angular momentum of sphere 2 is equal, 
prior to collision, to the product of momentum mv by 
the arm R. After collision the momentum of sphere 2 


becomes mv VŽ, but the arm is now R/V 2, so the product 
is the same and the angular momentum is conserved. Of 
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We since the system consisting of the spheres is isolat- 
ed, the angular momentum is conserved in the entire 
process of motion. 
1.35. After collision, sphere 2 acquires the velocity 
L2 2m 4 95 
Ue = um (1.35.4) 


Sphere 3 acquires the following velocity after collision: 


€ 2m3ua 
3 mam," 


Substituting the value of 4, from (4.35.1), we gel 


Am mv} 
(mni d m3) (ma ma)" 


can be found by nullifying the 


Hua = 


m 
The extremal value of Uy 
derivative of u, with respect to mg: 
dug 4myvy (moms — mp) 0 
dms [Gm + me) (ma-t m3)? i 


From this it follows that 
My = y myn. 


We can easily see that this value c 
maximum of us. 

Here are some particular cases. 

(4) m, >> m. In this case 


4m, 
la RÀ — eee 
m; ma 


orresponds to the 


V. 
If we also assume that m; > May then 
Ug © ÁVi- 


If sphere 7 were to hit sphere 3 directly (without the 
intermediate sphere 2), the highest velocity of sphere à 
for m, > mg would be roughly 2u,. 

In some fantastic projects of interplanetary flight it has 
been suggested that the spaceship be accelerated to the 
necessary speed through a series of collisions with inter- 
mediate objects whose masses must be calculated in the 
appropriate manner. 

(2) m, = ms. In this case ma 

(3) m, < m;. Assuming that Ma Lam 


ug f 4vymy/m3- 


=m, = Ms and ug = Vj. 
we get 
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Here the velocity of sphere 3 is approximately double the 
velocity without an intermediate object, sphere 2. 
1.36. The velocities of the spheres after collision are 
m;— nis T 2m, 
1 mom, 0 2 mium. 9 


Here are some particular cases. 

(1) uy < O if m, < my. Since in this case 2m, < m; + 
m, we have 0 < us < v,. 

(2) u, = 0 if m, = mg. Then uy = vp. 

(3) u, >0 if m, m, Then 2m, >m, 4 m, and 
Uy M. «C ZU. 
1.97. The equations of motion for the loads and the 
pulley can be written as follows: 


mw = mg — Ti, mw = T, — msg, Je = (T, — T,)R, 
(1.37.1) 


where T, is the force exerted by the left end of the string 
on the left load, T, the force exerted by the right end 
of the string on the right load, J the moment of inertia 
of the pulley, w the acceleration of the loads, and e is 
angular acceleration of the pulley. Dividing (1.37.1) 
by R, adding all the equations, and replacing e with 
w/R, we arrive, after appropriate transformations, at 
m; — ma 7« 

w= ama g. (1.37.2) 
Equation (1.97.2) shows that in exact calculations we 
must allow for the moment of inertia and the radius of 
the pulley. 

If the pulley is a homogeneous disk, then instead of J 
we can write mpR?/2, and Eq. (1.37.2) assumes the form 
= my— mg 
S mF my F mp 5 
We see that in this case the radius of the pulley plays no 
role; what is important is only the mass of the pulley. 
1.38. The equations of motion for the load-shaft or the 
load-sheave can be written as follows: 


mg — T — mw, TR — Je, 


where m is the mass of each load, 7 the force exerted by 
Edw strings attached to the loads, R the radius of the 
shaft or sheave, J the moment of inertia of the shaft or 
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w 


sheave, and e the angular acceleration of the shaft or 
sheave, Eliminating T trom the equations and replacing € 
with w R and the moment of inertia of the shaft or sheave 
with 422,2, we arrive, after simple transformations, at 


m 
o> £i 
m+ M12 


from which it follows that the accelerations with which 
the two loads are lowered coincide. The angular accelera- 
tion is the greater the larger the radius, which means that 
the shaft has a greater angular acceleration than the sheave. 
1.39. Prior to switch-on, the sum of the angular momen- 
ta of all the parts of the vacuum cleaner is zero. When 
the motor is switched on, a torque appears in the rotor 
of the motor, with the same torque (in absolute value) 
appearing in the stator and the casing of the vacuum clean- 
or fixed to the stator. Due to the latter torque, the vacuum 
cleaner begins to turn, but this motion dies oul very soon 
because of friction. 

1.40. When the engine of the helicopter of this type is 
operating, two torques appear: one is applied to the 
main rotor and the other (equal in magnitude to the 
first) is applied to the fuselage of the copter. This second 
torque tends to turn the fuselage in the direction opposile 
to that of the main rotor. The vertical tail rotor creates 
a torque that cancels oul the torque applied to the fuse- 
lage. In toy helicopters this second rotor is fixed and the 
helicopter rotates in flight in a direction opposite Lo that 
of the main rotor. 
1.41. The rod is in rotational motion, and so its poten- 
lial energy is transformed into the kinetic energy of 
rotation. Tf the mass of the rod is m and the length is 7, 


we have 
mgl _ Jo? 
E mE NE 

Replacing œ with v/l and J with ml2/3, we get 
v— y del. 


1.42. To determine the trajectories that the various 
points of the rod describe, we introduce a coordinate 


system whose origin lies al B, the lower point of the rod 
i horizontally in the 


prior to falling, whose z axis points ho) l 
direction in which point B moves during motion, and 
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whose y axis points upward, along the rod prior to motion. 
Since there are no forces that act on the rod in the hori- 
zontal direction, the rod's center of mass moves downward 
(from C to B). As Figure (a) shows, the coordinates of the 


IN Dn 


(0) (b) 
Fig. 1.42 


points lying above the center of mass by a distance a 
are determined by the equations 


z = —acosc, y — (HR + a) sin a, 


while the coordinates of the points lying below the center 
of mass by a distance a are determined by the equations 


x=acosa, y = (R — a)sin a. 


These equations imply that in the process of falling Lhe 
rod s thal means all of its points except the center of 
mass) describes quarters of ellipses (Figure (b)) specified 
by the equations PES ae ee 


a2 2 
++ ara 1 (upper points), 


a 2 
mu aa =1 (lower points). 


ee is falling, ils motion can be considered as 

LT S: eua a instantaneous center, D. Therefore, 

just like i pr a upper point (A) can be determine’ 

of energy. TI roblem 1.41, using the law of conservation 
y. ‘he appropriate equations yield 


v= V6gR. 
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1.43. The velocity imparted to point A will be directed 
in opposition lo Vo if the rod’s linear velocity acquired as 
a result of rotation after the bullet has hit the rod is 
greater than the velocity of the center of mass of the rod. 
Moreover, for such a situation to occur, the distance x 
must not exceed one-half of the length of the rod. Accord- 
ing to the law of conservation of momentum, 


mug = m (v + ox) + Mv. (1.43.1) 


Here we have allowed for the fact that the velocity of 
the bullet after the bullet has hit the rod is the sum of 
the velocity of the center of mass, V, and the velocity oz 
which the point that is distant x from the center of mass 
acquires as a result of rotational motion with angular 
velocity o. 

According to the law 0 
mentum, 


f conservation of angular mo- 


mvr = m (v + or) x + Jo, (1.43.2) 


where J is the moment of inertia of the rod about the 
1.43.1) by c 


center of mass, J = MIS. Multiplying ( 
and subtracting the product, from (1.43.2), we gel 


o = MvzlJ = Wal TC. 


The linear velocity of rotation acquired by point A (we 
denote this velocity by V) is 
y = oR = 3vxl R. 


The ratio V/v is greater than unity if x > R/3. 
1.44. According to the right-hand screw rule, the vector 
of the angular velocity of the gyroscope is directed to the 
right in the figures accompanying the problem and the an- 
swer. The revolving platform applies a torque to the frame, 
and the vector of this torque is directed perpendicularly 
to the vector of the angular velocity of the gyroscope. 
This torque creates an angular acceleration £, and under 
this acceleration the vector of angular velocity rotates 
in the direction shown by the arrow in the figure accom" 
panying the answer. As a result the giroscope's axis places 
itself vertically and the direction of rotation of thegyro- 
scope coincides with the direction of rotation of the plat- 
form. If the direction of rotation of the gyroscope or the 
direction of rotation of the platform were to change, the 
gyroscope’s axis would point in the opposite direction. 


10—01569 445 


In all cases the axis rotates in such a manner (hal the 
vector of angular velocity places itself in the direction 
coinciding with that of the vector of an external torque. 
This properly of gyroscopes is used in navigation in 
gyrocompasses. The “platform” that applies a torque to 
the gyroscope is the earth in this case. 

1.45. The vector of the angular velocity of the top is 
directed upward along the top's axis (see the ligure 
accompanying the answer). The force of gravity applied 
to the top at the top's center of mass creates a torque 


Fig. 1.44 Fig. 1.45 


whose vector, being perpendicular to the vector of angular 
velocity, is directed away from the reader. This torque 
does not change the magnitude of the angular velocity 
but creates an angular acceleration and hence changes 
the direction of the vector of angular velocity, just like 
centripetal acceleration does not change the value of 
the velocity but does change the direction of the velocity 
vector, as a result of which the body to which the centri- 
petal acceleration is applied moves along a circle. In the 
case al hand the direction of the angular acceleration is 
such that precession occurs counterclockwise (if one views 
the top from above). 

1.46. Since no external forces act on the shaft-sleeve 


system, the total angular momentum of the system re- 
mains constant: i 


Ja Oo — (Jy + Ja) o. (1.46.1) 
The moment of inertia of the shaft is 
adi 
Ja — yl, 
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ve p is the density of the material of the shaft and 
sleeve. The moment of inertia of the sleeve is 
a (D1 — dt 
Jg p Ii h, 
From (1.46.1) it follows that 
odl = o [(D* — d!) h + d'l), 


whence 


ess di re dil 
Th) Dis 007 irr (Di—d)h o 
1 


= —— r 0. 
Di n 
1+ (1) 
LE The potential energy of an object on the top of a 
ill, mgh, transforms into the kinetic energy of transla- 
tional and rotational motion: 
mv? Jo? 
mgh = s E~ 
Replacing œw with v/R, we get 


2 2 
mgh =" -+ Ze (4.47.1) 


The moments of inertia of the disk, Ja, and the sphere, 
sp» are 


2 
Je mi and Jsp= 2 mR?, 
disk or sphere. Sub- 


respectively, with 7t the radius of 
) and dividing by m, 


stiluting these values into (1.47.1 
we gel 


(1.47.2) 


lor the disk and 
(1.47.3) 


gh — aa + 2 = 0.70? 


1 sides of these equations 
of the sphere is greater, 
ccelerated, the sphere 
arlier than the disk. 
f the objects rolling 
(1.47.2) and 


147 


for the sphere. Since the left-hand 
are the same, the final velocity 
n since the motion is uniformly a 
ion to the horizontal section e 
dev es masses nor the radii o J 

e inclined planes are present in 


10e 


(4.47.3), with the result that the time it takes the objects 
to roll down is independent of these quantities. 

1.48. When the spacecraft goes into a circular orbit at 
the perigee, it will circle the earth along a low orbit 
during the second half of the orbit. For this reason the space- 
craft's potential energy at the new apogee will be lower 
than at the old one and, hence, such a maneuver requires 
lower kinetic energy. This means that the spacecraft 
must lower its velocity. Similar reasoning shows that 
to go into a circular orbit at the apogee, the spacecraft 
must increase its velocity. 

1.49. The kinetic energy of a satellite is determined by 
the value of the orbital (or satellite) velocity. According 


to Newton's second law and the law of universal gravita- 
tion, 


a 
G Mm mv 


"e m? 
where M is the mass of the earth, m the mass of the satel- 
lite, v the velocity of the satellite, and G the gravitational 
constant. From this it follows that the kinetic energy 


Qm) _ GMm 
Winen = "Sa 
is the smaller the higher the orbit of the satellite. 


The potential energy (we take it equal to zero al in- 
finity) 


Mm 
W not = —G-E 


is the greater the higher the orbit of the satellite. The 
same is true of the total energy: 


M 
W= Wigs t W pot = -6 " 


The angular momentum also increases as we move farther 
away from the carth and is equal to 


mvR =m Y GMR. 


: Let us consider an extremely elongated orbit. In 
aed the distance between the foci differs little from 
on 2^ of the major axis. Therefore, the force acting 
r Mea Station near the apogee can be assumed to be 
oughly the same for all extremely elongated orbits- 
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1.50. 


Under this force the space stations move with the same 
accelerations we = v2/R, where R is the curvature radius 
of the trajectory, and v is the velocity at apogee. The 
smaller the radius of curvature, the smaller is the veloc- 
ity of a space station, and the greater the elongation 
of the orbit, the smaller is the radius. Hence, the velocity 
and therefore the kinetic energy al apogee tend to zero 
and the space stations possess almost exclusively poten- 
tial energy. 

Since the total energy of a space station remains Con- 
stant in flight, at all other points on the orbit it is equal 
to the sum of the kinetic and potential energies. The 
potential energy of the interaction between the carth and 
the station (this energy is assumed to be zero at infinity) is 


Mg 
W pot = —G = , 


where M is the mass of the earth, m the mass of the station, 
G the gravitational constant, and a the distance from the 
center of the earth to the station (this quantity is prac- 
tically equal to the length of the major axis of the orbit). 
When circling the earth along a circular orbit whose 
radius R is approximately a/2, the station possesses 


potential energy 


on M 
W pot = — 26 r, 
ion to Problem 1.49, the kinetic 
n this case is 
Mm 


As shown in the solut 


energy of the station 1 


Wiin= G a t 
while the total energy is 
Wesce, 


as for an elliptical orbit. 
he angular momentum of 
es through the apogee: 


which means that it is the same 
It is convenient to determine t 
a station when the station pass 


L = mva. 


. For extremely elongated orbits, a is roughly the same 
for all orbits, but the greater the elongation of the orbit 
the smaller the velocity at apogee- Hence, the angular 
momentum at apogee is the smaller the greater the elon- 

149 


gation of the orbit. But since the torque of the force of 
attraction to the earth is zero, the angular momentum 
must be the same at all points of the orbit. Hence, the 
energy of the station in a circular orbit and that of the 
station in an elliptical orbit coincide, while the angular 
momentum is the smaller the greater the elongation of 
the orbit. 

1.51. "The fact that the spacecraft retains its orientation 
with respect to the earth means that all points of the 
spacecraft move with the same angular velocity. Suppose 
that the point closest to the surface of the earth moves 


with the orbital (satellite) velocity according to the 
equation 


o?R— GE, (1.51.1) 
where R is the distance between this point and the center 
of the earth. The point of the spacecraft farthest from the 
earth moves with an acceleration o? (R + D), where D 
is the distance between the two points. 

If we consider the spacecraft to be a noninertial system, 
We can assume that on an object of mass m placed at the 
Point farthest from the earth there acts a force of inertia 


Fi = —mo* (R + D). 


At the same time, 


there is tk 'ce of gravity acting on 
this obiece s the force of gravity acting 0 


The sum of these two force 
for the object, or numerically 
exerted on the object: 


$ mr 
s plays the role of “weight 
the reaction of the support 


F-—mo? (R4 D) R Mm 


"m (R-HD)? * 
earing i i 5 
ATP gt emiten t D 
Fy m[oeR (44. 2 = 200) 
* [eR (14 r)-65 (1-24) ] 
and if we allow for (1.51.1), we get 
D. nai M 
ous E a 
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Since GMm /R? is equal, to a high accuracy, to the 
weight of the object on the surface of the earth, or mg, 


we gel Fy= 3. mg. 


This expression gives the "weight" of an object in the 
spacecraft at the point farthest from the earth. Assuming 
that D is 2.1 m and bearing in mind that R = 6300 km, 
we find that the “weight” of an astronaut whose mass is 
70 kg is 6.9 x 10- N at the point within the spacecraft 
farthest from the earth. 

1.52. The potential energy of the comet (equal to zero 
at infinity) is —GAMm/r, where m is the comel's mass, 
M the mass of the sun, and r the distance between the sun 
and the comet. As the comet approaches the sun, this 
energy decreases, which means that the kinetic energy 
increases, with 


remaining zero.* The angular momentum of the comet 


is also conserved, since the torque produced by central 
forces is always zero. If we take two points, one at the 
aphelion of the presumable closed trajectory and the other 
placed at the same distance from the sun on the second 
branch of the parabola, then the potential energies at 
these points must coincide (since the distances coincide), 
which means that the kinetic energies at these points 
coincide and so do the velocities. But, as follows from 
the figure accompanying the problem, the angular mo- 
mentum at the aphelion must be higher than on the 
branches of the parabola, which is impossible. At the 
same time, al symmetrical points both the kinelic ener- 
gies and the potential energies are the same, and the same 
is true of the angular momenta: 

The above reasoning is true for both closed orbits 
(ellipses and circles) and open orbits (parabolas and hyper- 
bolas) of heavenly bodies moving in the field of a single 
altraction center. The fact that both the energy conser- 
vation law and the angular momentum conservation law 
must be satisfied makes it impossible for a central force 
lo change the nature of a trajectory. 


al kinetic energy of the comet in 


* [t is assumed that the initi net 
far-away regions of space is negligible. 
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1.53. If D, is the diameter of the disk at rest. then in 
the system of coordinates with respect to which the disk 


y y 


Fig. 1.53 


is in motion the diameter in the direction of the velocity 
will be 


D=D,V1—vle =D, y 1—f. 


The same is true of the ratio of the halves of the chord 
passing at an altitude y from the center: 
z= 2X V 1—f. 
Since 2} = R? — y?, we have 
x = (Rè — y’) (1 — PY, 
whence 
E NNUS LS 
Gap) tu! 
The moving disk appears to be an ellipse with semi-axes H 
and R y1— p. 
1.54. The velocity of the triangle is directed perpendic- 
ularly to the altitude, with the result that the length o 
the altitude is independent of the velocity. The hypote- 
owe is equal to twice the altitude (J, — 2h), while the 
ength of a side of the equilateral triangle is 
2h tan 30°. Thus, for the moving triangle we have | — lo 
and 
V3 — 
2-3-h—2h y 1— Pe. 
Hence B = 0.816. 


1.55. As Figure 
the world line e 


152 


\) accompanying this problem shows; 
sing through the origin at an angle 


to the z/c axis represents the motion of an object moving 
away from the observer (placed at the origin) with a 
velocity v = c cot 0. The other figures correspond to the 
following cases: (b) an object moving toward the observer 
with a velocity v — c cot 0, (c) motion with the speed 
of light, and (d) an object is al rest at a certain distance 
Irom the origin. Case (e) contradicts the main principles 
of relativity theory since it represents the motion of an 
object with a speed greater than that of light. 

1.56. According to the theory of relativity, the kinetic 
energy of a moving object is given by the following for- 


mula 


with f = vle. In classical mechanics, 


Thus, 
Wer B 


Since f) — cot 0, we have 


Wirt. es (a 1 ). 
We — cot0 V y 1—cot*0 


At 0 = 60°, 

Wi Woi = 1.37. 
t — 0 by the clocks in both 
to each other (in the 
this moment Corre- 
ystems sends a signa 
the second system 


1.57. Let us assume that at 
systems, the systems were close 
figure accompanying the problem 
sponds to the origin). If one of the s 
after a time interval 7, has elapsed, 
will receive the signal after a time interval 


T-TyV T=: 
The angle 0 corresponds to a relative velocity B = cot 0. 
Thus, 
/ den 0 
n / 
T=ToY 1-0 
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The time interval separating the signals received 


n-ny i. 


Since system C is moving toward A, its (relative) velocity 
is negative and, hence, the signals it sends are received 
by A separated by time intervals 

1—p 


T,- T +e. 


1.58. 
by B from A is 


System A will register V signals from B in the course of 
1+-B 


b= NP, =N Y ATE, 


while the signals from C will be registered in the course of 


t,=NT,=NT, ER i 


y TUS * " 
When system A meets system C, the clock in the first 


system will show 
] - Tp =o 2NTy 
Ia = ty-+ ty = NT, ( e -|- 454). ViW 


The clock in C vill show the time that is the sum of the 
lime during which system A sends N signals prior to 
meeting C and the time during which system C sends V 
signals prior to meeting system B. Thus, 
te = 2NT,, 
The difference in the readings of the clocks will be 
M=t-—t,—9(— 3 
ae E 1) iT. 


The fractional variation ; 
actional variation in the duration of the signals is 


re 
te Vise 


Vor example, at & — 0.6 we have 
talte = 1.25. 


2. Molecular Physics and Thermodynamics 


enm 1 y buoyancy, or lifting power. is the dillerence 
d m the weight of the air in the volume occupied by 
i. vm and the weight of the gas filling the balloon. 

ording to the ideal-gas law, the latter weight is 


) PVM 
P=-pRr ® 


p the pressure of 


where Visthe volume of the balloon, 
gas. Accordingly, 


a gas, and A the molecular mass of the 
ie lifting power is given by the formula 
r = RT (Mair — M gas): 


and the buoyancy ratio is 


Fy, Mar Mus QAA 
FHe Mair— Mute ` nue. 


; nto Eq. (2.1.1) we can substitute the relative molecular 
ise. The relative molecular mass of hydrogen is 2, 
hat of helium is 4, and that of air we assume to be equal 


9€ n 
to 29. Thus, 


F ZEK. 
Hy _, 20-2 — 1,08. 


Fre i 


29—4 
2.2. "The root-mean-square 


v= V 3RTIM . 


velocity of molecules is 


Taking logs, we get 
log v = 1 log (3R/M) 4- 10 T- 


g v vs. log 7 must be 0.5, 


logari ^ : rithm of velocity on the 
doy m of temperature is given by straight line C in 
3 igure accompanying the problem. E: 
it tak Since the velocities of the molecules are different, 
lo u kes the molecules different times to fly from the slit 
the 16 outer cylinder. Because of this the cylinders rotate 
through angles that are different for different molecules. 
TS greater the velocity of a molecule, the closer will 
track be to the track for fixed cylinders. 


Am slope of the straight line lo 
id the dependence of the logar 
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2.4. The position of the tracks shown in Figure (b) 
accompanying the problem is possible if during the Aime 
of flight of the molecules from the slit in the inner cylinder 
to the wall of the outer cylinder the cylinders perform 
more than one-half of a full revolution (in Figure (b) 
this is almost one full revolution). Of course, for this 
to happen, the linear velocity of the outer cylinder must 
exceed many times the velocity of the molecules, which 
is practically impossible. 

2.5. The number of molecules in the velocity interval 
from v to v + dv is 


dN — F (v) dv. 


Accordingly, in Figure (a) accompanying the problem, 
the hatched segments represent the following quantities: 


segment A represents the number of molecules whose 
velocities do not exceed U,, OT 


segment B represents the number of molecules whose 
velocities are not lower than v, and do not exceed Va, Or 


v3 
Vex | F (v) dv, 


Us 


and segment C represents the number of molecules whose 
velocities are not lower than v 


a or 
Ne= | F (v) dv. 
v4 


In Figure (b) accompanying the problem, each hatched 
oos represents the ratio of the corresponding number 
HESS the total number of molecules, that i$ 
eN oba ility of molecules having velocities that lie 

in the specified velocity interval. 


‘6. Since for each ity i -+ 
'h velocit dv 
ihe: mumier of leis y hia from v to v 


aN = F (v) dy 
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and since F, (v) = 2F, (v), the total number of molecules 
corresponding to distribution 2 is twice the number of 
molecules corresponding to distribution 7. 
2.7. The number of molecules in the velocity interval 
from v to v + dv is 
aN = F (v) dv. 
Each of these molecules has an. energy mv*/2. All mole- 
cules in the velocity interval from v, to v2 have the energy 
v2 " 
W= Fe dv. 
71 
To find the average energy w of such molecules, we must 
divide W by the number of molecules: 
2 
| vr (v) dv 


m v 


w=- o 
| F odv 
Jg 
2.8. According to Maxwell’s law, the number of mole- 
cules of a gas whose velocities lie within the interval 
from v to v -+ dv is given by the formula 


AN = Nin ( m \ vesp (— ger) (2.8.1) 


2nkT 
Since the most probable velocity is 
vy — Y 2kT Im, 
we can represent, (2.8.1) in the form 
-12 [2 \" ex ea (= 
snc (2) oo [- (5) C): 


The distribution function F (vlvp) then assumes the form 


= e 32... E 2 
F (+) = Nx (2) exp [ ( z) i" 
For v/v, — 1 we have 

p (4) = Noda Ment = 0.88No. 
The P (v/vp)-to-F (1) ratio (see the figure), 


(zy e = (zm i GT 


is the same for any number of molecules of any gas al any 
temperature and, therefore, isa universal function. 
2.9. From formula (2.9.1) it follows that 


1 dN 


Li p NA 


or 


" 
fw) = 1 dN dv 


No do dw" 


Since v = (2w/m)'?, elementary transformations yield 
2 um Ie a) Gm 
àN- ND ur) exp (- EP d ( iF ) š 


This representation is convenient since the dimensionless 
ratio w/kT is taken as the independent, variable and the 
LT ftw) 


1 Vvo 


Fig, 2,8 Fig. 2.9 


distribution function proves to be valid not only for all 


gases but also for any temperature. The function f (w) 
is shown in the figure. 


2.10. The total energy of the molecules of a gas is the 
sum of their kinetic 


and potential energies. Assuming thal 
the potential energy is zero at the initial level, for any 
other level we haye Wpot = mgh. Since the total energy 
remains constant, or Wkin + Wpot = const, we have 
Wkin + Wpot = Wkino- 


Hence, at a given level the kine 


tic energy is 
Vkin = yan — mgh. 

altitude to 

by the co 


h 


TI ci : ; 
is de mal Which the molecules can rise 
ermined ndition wkm = 0, whence 


= Wkino/mMg. 
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By hypothesis, Wkino = (3/2) kT. Substituting k = R/Ny 
and m — MiNa.. we gel 
h = 3RTÍ2Mg. 

Substituting the values of the molecular masses, we find 
that at 7 -= 300 K the maximum altitude for nitrogen 
is 13.6 km, for oxygen 11.9 km, and for hydrogen 191 km. 
Since the kinetic energy of the molecules decreases as the 
altitude grows, the “temperature” of a gas decreases, loo, 
hut differently for different gases. Different gases have 
different "temperatures" at the same altitude above sea 
level. At the highest level where the molecules of a given 
gas can still be found, the “temperature” of the gas is 0 K. 

Note, in conclusion, that by its very meaning the baro- 
metric formula, which is derived on the assumption that 
the temperature of the gas is constant, is equivalent to 
the statement that the Maxwellian velocity distribution 
is valid. Indeed, the barometric formula leads to Boltz- 
mann’s formula for the distribution of molecules in po- 
tential energy. The same formula can be obtained using 
the Maxwell formula. 
2.11. To answer this question, we assume, for the 
sake of simplicity, that the balloon is a cylinder with 
its axis vertical and having a length h. If we denote by Po 
the pressure on the lower base of the balloon, then the 
Pressure on the upper base is 

p = Po exp (—Mgh/RT). 
Since Mgh/RT <1, we can expand the exponential and 
retain only the first two terms: 


p =Po -— Mgl/ RT). (2.11.1) 


The buoyaney is given by the formula 
F = S (Po — P^ 
Where S is the base area of the cylinder. Substituting the 
difference py — p from (2.41.1), we get 
F = MghS/RT, 
or 
F = p MgV/RT. 


The fracti TIRT c i the 
action poM/RT constitutes E 
PoMVIRT the baer of the air that would occupy 


density of air, 
the 
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volume of the balloon, and poMgV/RT the weight of 
this mass of air. Thus, the two explanations are equiv- 
alent. 

2.42. If we take two subsequent displacements, l and 
lə, during time t in which these displacements took place 
the particle is displaced by 7*, with 


p = B 4 + 2hl, cosa 
(see the figure accompanying the answer). Since the dis- 
placements are completely random both in length and 
direction, while the angle between two successive displace- 
ments is independent of the displacements, we conclude, 
first, that 
(D = (I) 

and, second, that the third term is zero because all di- 
rections are equally probable. Thus, 

(12) = 2 (15) = 2 (13). 
One must bear in mind that we have averaged the squares 
of the displacements and not the displacements proper. 


V 


h 
D 
NE deis 
M p^ Ww 
x y 
Fig. 21 Fig. 2.12 Fig. 2.13 
However 


HT R there is a constant relationship betwee? 
for a definite di and the square of the arithmetic mea? 
e distribution function, we can always "°° 


Place the ratio 
of mean i i the 
Squares of the mean, squares with the ratio of 


(e (qn 


2T T 


and, hence, 


ty y» 
di (*) = V2 (D. 


This result can be applied to any interval of time, which 
makes it possible to establish the following relationship 
between the displacements of a Brownian particle and the 
time it takes the particle to perform these displacements: 


«ov = const. 
t 


This is the main law of Brownian motion. It is also valid 
for the motion of molecules in a gas. 
2.43. Any concrete path of a molecule can be decomposed 
along three arbitrary coordinate axes of a Cartesian sys- 
tem, with 

P= +} +È 


For cach separate path these projections are, generally 
speaking, different, but since the motion is chaotic and, 
hence, the probabilities are the same for all three di- 
rections, these projections are equal, on the average, so 


that 
(Lz) = (lp) = (02- 
If we are interested in a projection along a definite di- 
rection, which, like all others, is arbitrary, then we can 
write 
(2) = 3 (Lz). 


tween the mean of a square and the 


The relationship be 
: all directions, so that 


square of a mean is the same for 
we can write 


(2 Y3 (la). 


The two signs correspond to two opposite directions of 
motion. 
2.14. If the mean free path of 


the probability that on a segme 
riences a collision will be dz/A. Out of the V molecules 


that have covered the distance c without colliding, 
N (dz/X) molecules experience collisions over segment s 
Hence, the number of molecules that have travele 
Without colliding will change by 

da 


dN——N. 


the molecules is 4, then 
nt dz a molecule expe- 
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If N is the total number of molecules, then the number of 

molecules that have traveled a distance no less than z 

without colliding is determined through integration: 
n 


x. 

Dod. ES 

jee]. 
0 

or 


In N — In Ny — z/^. 


Since on the vertical axis we lay off base-10 logarithms, 
a and X are linked in the following manner: 


À = 2.3/a. 


Modern electronics possesses a number of methods for 
determining the number of particles (molecules, atoms, 
ions, electrons) whose path exceeds a definite distance, 
which makes it possible to find the mean free path. | 
2.15. Since the diffusion coefficient of hydrogen i$ 
higher than that of nitrogen, hydrogen will flow from 


Fig. 2.15 


part Z to part 2 faster than nitrogen will flow from part 2 
to part 7. For this reason, at first the pressure in part 

drops and in part 2 it rises. But then the rate of hydrogen 
diffusion lowers (since the amount of hydrogen in part 

grows and the nitrogen continues to diffuse into part 7): 
Asa result, the pressure in part 2 begins to drop and the 
pressure in part / begins to grow. The process continues 


until the pressure in both parts becomes equal and the 
Partial pressures of the two 


š ome 
E gases in each part bec 
2.16. The diffusion coefficient of the gas is 
1 
D= E Av. 
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In the closed vessel, the mean free path remains constant* 
and the temperature dependence of the diffusion coeffi- 
cient is determined only by the average velocity of the 
molecules, which is proportional to the square root of 
the temperature. The same relationship exists between 
the temperature and the diffusion coefficient: 
Dice TIS 

In the open vessel, that is, at constant pressure, the con- 
centration of molecules is inversely proportional to the 
temperature and, hence, the mean free path is proportional 
lo the temperature. Therefore, for this case we have 


Dice T8/5. 


On the logarithmic scale the slope of a straight line is 
equal to the exponent in the power function. Hence, 
curve (a) (with the slope equal to 3/2) corresponds to the 
Open vessel and curve (b) (with the slope equal to 1/2) 
Corresponds to the closed vessel. 

* Here we have ignored the temperature dependence of the 
effective cross section (the Sutherland correction term). 
2.17. The diffusion rate, which characterizes the vari- 
ation of the number dN of molecules passing through the 
cross-sectional area S of the vessel per unit time dé in 
the direction of the concentration gradient dm/dz, is 


dN dn 
uc a 
Hero D = (1/3) Av is the diffusion coefficient. Since the 
diffusion coefficient is inversely proportional to the 
Pressure (because the mean free path is inversely propor- 
tional to the pressure) and the concentration gradient at 
each moment is proportional to the pressure, the number 
of molecules diffusing in this or that direction is pressure 
independent. This conclusion holds, of course, only if the 
mean free path of the molecules is many times smaller 
than:the linear dimensions of the vessel. Note that since 
the initial number of molecules of each gas is proportional 
lo the pressure, the evening out of the concentrations 
occurs the faster the lower the pressure of the gas. 


-18. The average kineti of translational motion 

a ge kinetic energy 2 
9f molecules is (3/2) kT. The average energy of the mole- 
cules moving toward a wall of the vessel is 2kT. This is 
"Xplained by the fact that the flux of molecules with 
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a certain velocity is proportional to n,v, where n, is the 
concentration of the molecules having this velocity. 
Therefore, the higher the velocity, the greater the number 
of molecules moving in a given direction. Hence, in the 
velocity distribution of the molecules remaining in the 
vessel there appears a deficit of fast molecules, which 
leads to a decrease in the average energy of the molecules 
and a distortion in the distribution function. On the 
other hand, the average energy of the molecules leaving 
the vessel for the vacuum becomes higher than it was in 
the vessel. If the pressure of the gas is not low but the 
orifice is so small that no collisions occur in it, the average 
energy inside the vessel still decreases, if only this de- 
crease is not compensated for by heat supplied to the 
walls of the vessel. Under these conditions, the Max- 
wellian velocity distribution is restored via the collisions 
of molecules in the vessel, but now this distribution cor- 
responds to a lower temperature. The restoration of the 
distribution function occurs partially because molecules 
collide with the walls of the vessel. 


2.19. The heat flux is determined by the relationship 
a dr 


ance “dz * 


For the thermal conductivity of an ideal gas we have the 
following formula: 


—h 


ocv, or Noe T12, 


For the flux to be steady-state (time independent), the 
following formula must hold true: 


dz 
A "dr Onst. 
Hence, 


àr 
Ta? "dz ^ const. 


e see that the higl T i 
S a gher the tempe "d J 
W "m perature the lower is the 


adient must increase from the hot plate 
eran Plate. The position of the plates can be ex- 
oc hd e necessity of reducing convection to a 


2.20. i i 
eee the specified conditions, we cannot apply 
pt ol temperature to the residual gas between 


the walls of thé Dewar vessel. The mean free path of the 
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molecules of the gas is about 100 m, so that while moving 
between the walls the molecules practically never collide 
with each other and no thermodynamic equilibrium, 
which could be characterized by a temperature, can estab- 
lish itself between the walls. 

2.21. Within a broad pressure range the thermal con- 
ductivity coefficient is independent of the gas pressure. 
A dependence (i.e. a drop in thermal conductivity as the 
pressure lowers) becomes noticeable if the mean free path 
of molecules becomes comparable to the distance between 
the walls between which the heat transfer occurs. The 
greater this distance, the greater the mean free path (and 
the lower the pressure) at which the thermal conductivity 
coefficient. begins to change. Therefore, curve 1 corre- 
sponds to the greater distance (see the figure accompanying 
the problem). 

2.22. Section 1-2 in Figure (a) accompanying the prob- 
lem corresponds to isobaric heating, section 2-3 to 


section 3-4 lo isochoric cooling, 
al compression. In the pT- 
is depicted in Figure (a) 


isothermal expansion, 
and section 4-/ to isotherm 
and VT-coordinates this process i ure ( 
accompanying the answer. The processes gepen e 
ure (b) accompanying the problem proceed in the eis 
ing order: 7-2 is isobaric healing, 2-3 isotherma com 
pression, 3-4 isobaric cooling; and 4-1 isothermal expan- 
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sion. In the pV- and pT-coordinates this cycle is depicted 
in Figure (b) accompanying the answer. The cycle de- 
picted in Figure (c) accompanying the problem consists 
of isochoric heating 7-2, isobaric heating 2-3, isothermal 
expansion 3-4, and isobaric cooling 4-7. In the pV- and 
VT-coordinates this cycle is depicted in Figure (c) accom- 
panying the answer. ^ 

2.23. When the piston moves upward by Az, the spring 


is compressed by Ah. Suppose F = —kAh is the clastic 


force produced in the spring by this compression. This 
force contributes to the force acting on the piston and, 
hence, increases the pressure of the gas in the cylinder by 


Pea RAV 
an qoum M 


where 5 is the surface area of the piston. 
crease of the gas volume caused b 
by a proportional increase in t 


Thus, the in- 
y heating is accompanied 
he pressure. On the dia- 


p 
P, 


Fig. 2.23 Fig. 2.25 


es this is depicted by a straight line with a positive 
s ope Whose value depends on the surface area of the piston 
and the elastic Properties of the spring. The work is 


measured by the hatched area in the fi ace anyin 
the answer and ix he figure accompanying 


A = (P + p,) (V, — V2. 


2.24. The adiabatic D-V rel 


ation is of the form 


DV* — const, 
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where the exponent y is the ratio of the specific heat ca- 
pacity of the gas at constant pressure to the specific heat 
capacity of the gas at constant volume: 


y = Oley. 


This ratio can be expressed in terms of the number of 
degrees of freedom, i. A helium molecule has three de- 
grees of freedom and that of carbon dioxide has six. There- 
fore, for helium we have y = 5/3 = 1.67 and for carbon 
dioxide we have y = 8/6 = 1.33. The greater the expo- 
nent, the steeper is the curve. The upper curve (see the 
figure accompanying the problem) corresponds to carbon 
dioxide and the lower curve corresponds to helium. 
2.25. An adiabatic curve is steeper than an isotherm 
(see the figure accompanying the answer), with the final 
pressure being lower in the adiabatic process than that 
in the isothermal process. This means that the area lying 
below the appropriate curve (this area characterizes the 
work) is smaller for the adiabatic process than for the 
isothermal. 
2.26. The first law of thermodynamics for an isothermal 
process can be written in the form Q = A. Hence, the 
straight line corresponding to this process must be in- 
clined at an angle of 45° to the horizontal axis (curve 3 
in the figure accompanying the problem). For an isobaric 
process we have 

Q = AU + A. 
Since the work for one mole of the gas done in an isobaric 
process is 

A = RAT 


and the amount of the absorbed heat is 


Q—C,At= MEL Rar, 


with i the number of degrees of freedom, we have 


A. 2 
0 i+2 ° 


Q 


The slope of the straight line representing the A mr Ds 
pendence must equal 2/5 for à monatomic gas, or 


à diatomic gas, and 2/8 for a multiatomic gas. VEN. 
line 7 corresponds to a multiatome gas and straight tne 
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to a monatomic gas. Work is not performed in an iso- 
choric process, and this coincides with the horizontal 
axis, while heat is not absorbed in an adiabatic process, 
and this coincides with the vertical axis. m 
2.27. Processes depicted by straight lines coinciding 
with the coordinate axes are quite obvious. The horizontal 
axis (AT = 0) represents an isothermal process and the 
vertical axis (Q = 0) represents an adiabatic process. 
The molar heat capacity of a monatomic gas involved 
in an isochoric process is 


Cy = (3/2) R, 
and that of a diatomic gas is 


Cy = (5/2) R. 


The molar heat capacity of 
in an isobaric process is 


Cy = (5/2) R, 
and that of a diatomic gas is 
Cy = (7/2) R. 


The heat capacity Cy, of 
the heat capacity Cp of 
there are three straight 


a monatomic gas involved 


a diatomic gas coincides with 
à monatomic gas. For this reason 


e lines in the figure accompanying 
the problem instead of four, with straight line 2 corre- 


sponding to Cp of a monatomic gas and C, of a diatomic 
gas. Straight line 3 corresponds to an isobaric process 


involving a diatomic gas and straight line 7 corresponds 


iG isochoric process involving a monatomic gas. 
A a For the sake of brevity we denote (m/M) R by a 


PV = aT. 


For both gases the wi 


ork performed in an isobaric process i$ 


Substituting the values of for nitrogen (7/5) and argon 
(5/3), we get 
A —2.5|AT | (for nitrogen), 

1.5 


A —1.5|AT| (for argon). 


Selecting the scales on the coordinate axes of the figure 
accompanying the problem in such a manner that a = 1, 
we find the slopes of the straight lines to be 2.5 and 1.5 
for the adiabatic processes and 1 for the isobaric process. 
The straight line Z depicts the adiabatic process involving 
nitrogen, the straight line 2 depicts the adiabatic process 
involving argon, and the straight line 3 depicts the iso- 
baric process for both gases. The vertical axis (| AT | = 0) 
depicts an isotherm and the horizontal axis (A = 0) an 
isochor. 

2.29. The classical theory of heat capacity does not 
allow for the quantum nature of periodic motion (vibra- 
Lional and rotational). According to quantum theory, the 
angular momentum of a rotating object may assume only 


values specified by the condition 
Jo--hyjG--1), (2.29.1) 


where fi is the Dirac-Planck constant (the Planck con- 
stant h divided by 2x), J is the moment of inertia of the 
Object, and j is the so-called rotational quantum number, 
which can take on any integral values starting from zero. 
Equation (2.29.1) enables finding the possible values of 
the rotational kinetic energy: 


w= te =F ilit- 


Che minimal nonzero value is 
Win = m. 
and exchanges rotational energy 


lecules. Thus, the question 
e rotational energy in 


A molecule acquires 
through collisions with other mo 


of whether a molecule can hav € 
addition to translational is solved by comparing the 


value Wm of the minimal nonzero rotational energy with 
a quantity of the order of ET at room temperature. The 
Separation of atoms in a hydrogen molecule is 0.74 nm 
and the mass of each atom is 1.67 x 107°? kg, so that 
the moment of inertia of a hydrogen molecule is 4.6 X 
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10-9 kg.m*. Bearing in mind that f = 1.05 x 
10-9 J.s, we get 


Wm = 24 x 10 J. 
At room temperature (T = 300 K), 
kT = 44 x 40 J. 


The fact that ÆT somewhat exceeds Wm makes the occur- 
rence of rotational motion in a molecule quite probable. 
Hence, the rotational degrees of freedom will contribute 
to the heat capacity of hydrogen. At temperatures of the 
order of 40 K the probability of rotational motion is 
practically nil; it is said that the rotational degrees of 
freedom “freeze out” and only the translational degrees 
of freedom remain, which is reflected in the value of the 
heat capacity. The diatomic gas that is closest to hydrogen 
in the Periodic Table is nitrogen, and the mass of a ni- 
trogen atom is fourteen times the mass of a hydrogen 
atom. The separation of the atoms in a nitrogen atom is 
0.11 nm. Accordingly, the moment of inertia of a nitro- 
gen molecule is thirty one times that of a hydrogen mole- 
cule, so that down to very low temperatures the value 
of kT is considerably higher than Wm and there is prac- 
tically no “freezing out” of rotational degrees of freedom. 
At the same time, for monatomic gases, whose moment of 
inertia is several orders of magnitude lower than that of 
hydrogen, the minimal energy of rotational motion 
is so high that even at very high temperatures only the 
translational degrees of freedom manifest themselves and 
the heat capacity follows the predictions of classical theory 
quite accurately. 
2.30. According to classical theory of heat capacity of 
ideal gases, the value of heat capacity for each given 
process (say, an isochoric process) must not depend on 
the temperature of the gas. This theory does not allow for 
un pta pire of periodic processes, namely, rota- 
probabilit ot al motion: Ty classical theory, the 
a as ne ea motion of diatomic and multi- 
^ mno ecules is assumed to be independent of the 
NS of the gas and the same (per each degree of 
ri ee has of translational motion. Quantum theory 
processes -— a de different probabilities of periodic 
, e probability growing with temperature. 


e . 
alculations have shown that for many diatomic gases at 
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low temperatures the vibrational degrees of freedom can 
be ignored, but the role of these degrees of freedom grows 
with temperature. For sufficiently high temperature the 
bonds between the atoms may break and dissociation 
occurs. This requires large energy expenditure. In some 
respects this process resembles phase transitions (melting 
and boiling, for instance), when supplying heat does not 
lead to a rise in temperature. 

2.31. ‘The compressibility is defined by the following 
formula: 

1 dV 
P-—T 


In an isothermal process, 
d (pV) = pdV + Vdp 

and, hence, B = 1/p. In an adiabatic process, 
ypV'3dV + V'dp = 0 


and, hence, B = 1/yp. m 
In all cases the dependence of the compressibility on 
pressure is depicted by hyperbolas that differ only in 


Adiabatic 


logp 


Fig. 2.31 Fig. 2.32 


à numerical factor. On the log-log scale the pressure do- 
pendence of the compressibility is depicted by straight 
ae (in the figure accompanying the answer the straight 
si correspond to adiabatic processes involving argon 
ind carbon dioxide and to the isothermal process). 
aes In the figure accompanying the answer the pro- 
Ses are depicted by broken lines 7-3-2 and 7-4-2. In 
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the first case, the work is measured by the area bounded 
by the broken line 5-4-2-6, while in the second it is mea- 
RE 1 9 

sured by the area bounded by the broken line 5-/-3-6 and 
exceeds the first area by the area of 4-/-3-2-4. Since = 
both cases the initial states (1) and the final states (2) 
are the same, the increment of internal energy is the 
same, too, bul the process 7-3-2 requires additional heat 
for the system to perform greater work. Since entropy is 
a function of state, the change of entropy in both cases is 
the same. . 
2.33. The three quantities characterizing the slate of 
an ideal gas, p, V, and 7, are linked through power re- 
lationships for all processes involving an ideal gas: 

V/T —const — (isobaric process), 

pil —const — (isochorie process), 

pV =const (isothermal process), 

pV” — const 


yT!/*-0 -const 


pl TY -9 — const 


On the log-log scale all these 
straight lines that differ in 


(adiabatic process). 


processes are depicted by 
their slopes. Isothermal 


4 expansion is depicted 
Tog) wN a by a vertical straight 
line in the downward 

T a 2 direction in the pT- 

4 coordinates and in the 

Y upward direction in the 

j VT-coordinates. en 

abalic process is depicle 

(a) wan W) WT by a straight line. with 
"POM a slope y/(y — 1) in the 

Fig, nM PV-coordinates E^ ur 

" a straight line with ¢ 
negative slope —(v — 1)" in the vie cali hk collec: 


lion of such Slraigl 
5 g 
Carnot cycle in th 


-coordinates (Figure (b)). 


34 he inc 
T crement ^e 
by the Torn ula 7 mee 


1t segments can be used to depict the 
e pT-coordinates (Figure (a)) and in the 


s vs given 
ntropy in a process is give! 


AS = AQ/T. 
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The straight line 0-7 in the figure accompanying the 
problem corresponds to an isothermal process, since it is 
parallel to the vertical axis (7 — const). The straight 
line 0-4 depicts a process in which the entropy does nol 
change, that is, a process in which no heat is supplied 
to or removed from the system, or an adiabatic process. 
Out of curves 0-2 and 0-3 the former corresponds to a 
higher entropy increment. The process represented by 
this curve will require a larger amount of heat for bringing 
the system to a given temperature than the process rep- 
resented by curve 0-3 will require for bringing the system 
to the same temperature. Of two processes, the isochoric 
and the isobaric, the latter requires more heat to perform 
work on the system. Thus, curve 0-2 corresponds to an 
isobaric process and curve 0-3, to an isochoric. 

2.35. The first process in the Carnot cycle is isothermal 
expausion. In the process the gas absorbs heat and its 
entropy increases. On the diagram 
this process is shown by the straight 
line /-2. This is followed by adia- 
batic expansion, which is accom- 
panied by a drop in temperature. 
Since in an adiabatic process the 
gas is thermally isolated, the en- 
tropy cannot change, which is rep- ^ : 
resented by the straight line 2-3. At Fig. 2.35 

the temperature achieved at the 

end of this process the third process begins, namely, iso- 
thermal compression, in which the gas gives off heat and 
its energy decreases (the straight line 3-4). The final pro- 
cess is adiabatic compression, which returns the gas to 
the initial state. The entropy does not change in this last 
process, just as in adiabatic expansion. The process is de- 
picted by the straight line 4-7. 

2.36. If m is the mass of each object and c is the specific 
heat capacity, then the total entropy increment is 


Te T: 


S nE 


fi T. 


T T 
-cm (In T I- In arh- 
Replacing T with (T, -+ T,)/2, we can write 


(Tit T)? 


AS — cm ln AMT, 


or 
Tita. ] 
AS — AS,4- AS, — em ln (Sa kal 
The expression in square brackets is greater than unity, 
with the result that 


AS > 0. 
2.37. The entropy increment in the process is 
AS = AQ/T = cATIT. (2.37.1) 
According to the figure accompanying the problem, 
dS —adT. (2.37.2) 


The straight line in the fi 
since by the Nernst he 
is zero. Combining the 


gure passes through the origin 
at theorem the entropy at T = 0 
se two equations, we get 

aq’ —cádT/T and c — aT. 


The heat capacity changes in proportion to the tempera- 
lure, just as entropy does. 

This result can be obtained without carrying out cal- 
culations, solely on dimensional grounds. Entropy (irre- 
spective of whether we are speaking of the entropy of the 
system or the molar entropy or the specific entropy) has 
the same dimensionality as heat capacity (irrespective of 
whether we are Speaking of the heat capacity of the system 


or the molar heat Capacity or the specific heat capacity). 
For this reason the d 


ependence of heat capacity on bond 
perature must be the Same, to within a constant factor, 
as the dependence ofe 


Y: ntropy on temperature. In the case 
nb the constant factors coincide, too. ri 
38. The entropy Increments on different segments are 
Ta 
NS esc f ar st s 
Sony on Ses m ee v 
^ T i T, c, In Vi? 
T3 
AN dr : 
AS s =e, f F mn 2 y lga 1g x 
Ti 
Ti 
ASis [Up v. 
34 =C) T =%Ins4 sce, In y mig 
Ta 
AS pecu. D dp T. 
2 PLI T py De 
Ta 4 Da 
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If we add all four quantities, we get 
AS 1-3-4-2 = AS 1-3 H- AS3-4 + ASi.2 = c, Inte = ASi2, 


which is what we sel out to prove. 

2.39. For the sake of making the calculations shorter, 
let us select the mass in such a manner that in the approp- 
riate system of units (m/M) R = 1. In this case the tem- 
perature of the heater, which 
is the highest temperature 
in the cycle (point c) is 


Ty = P2Vo. 
The temperature of the cooler 
(the coldest point in the cycle 
is point a) is 

Te = nV. 
The temperatures at. points b and d are p,V, and PiVo, 


respectively. The entropy increment for the heater in the 
a-b process is 


Fig. 2.39 


AS — vV (pa— pi) 


eu PV à 


and in the b-c process it is 


—V 
AS, = MS ceu 1) : 


The entropy increment for the cooler in the c-d process is 


-— cyV» (po— Pı) 
a UNE mE. 


and in the d-a process it is 


AS. t ai CpP1 (Vi —V3) 
d-a AA . 
Adding all these entropy increments and carrying out the 
necessary transformations, we get 


V 
AS = cy (py — pi) [*- 


+e, Vav) (E-F). 
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All the differences in the brackets are positive, and hence 
AS > 0. 


The entropy increment for a gas performing a cycle and 
returning as a result to the initial state is equal to zero. 
2.40. If we solve the van 
der Waals equation for p, 
we get 


Pay yt 
This equation is of a hyper- 
bolic nature, and because 
of this it must have à 
branch in the third quad- 
ds rant, which contains, ab à 

Fig. 2.40 sufficiently low tempera- 
tureand a negative pressure, 
the third root. Since this root corresponds to a neg- 
ative volume, it has no physical meaning and is 
usually not depicted on diagrams. Note that Boyle's law 
also contains an "extra" root, It also lies in the third 
quadrant and for this reason has no physical meaning and 
is usually not depicted on diagrams. 
2.41. The van der Waals equation presupposes complete 
homogeneity of the substance (vapor or liquid), that is, 
the same density in all (however small) volumes. In real 
media, however, there are fluctuations. Suppose we are 
considering state 2 on the curve (see the figure accom pany- 
ing the problem). The parameters of this state (or point) 
determine the average values of the concentration and 
energy of the molecules. In small volumes the values of 
the concentration are somewhat larger or smaller than 
the average value because of the randomness of molecular 
motion. The same is true of the energy of molecules in 
small volumes, In accordance with the isotherm, in 
volumes of higher density the pressure is somewhat lower 
than the average, while in volumes of lower density the 
dealer count higher, Therefore, in the former me 
à result the ea lo rise and in the latter, Lo aop: ie 
With a hi foot lre substance Separates into two phas a 
< gher and a lower density, and the pressure 1! 
both is the sam 


e. The greg onsilv 1 liquid 
and the lower j greater density is that of the liq 


$ that of the saturated vapor of this liquid. 
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2.42. Section 2-3 corresponds to supersaturated vapor. 
For this state to realize itself, there must be no dust, 
ions, or aerosols in the space where this state occurs for 
the vapor to condense on and form drops of liquid. Sec- 
tion 6-5 corresponds to the so-called superheated liquid. 
This state can be arrived at if we boil and degasify the 
liquid prior to heating it, then heat it in such a way so 
that it fills the entire volume of the vessel, and finally 
cool it again. The liquid will find itself under a pressure 
that is lower than that of the 
saturated vapor. Especially 
inleresting is the state of a 
liquid corresponding to the 
section of the isotherm lying 
below the horizontal axis 
(see the figure accompanying 
Problem 2.40). This state 
corresponds to uniform stretch- 
ing of the liquid. The state Se 
can be achieved by repeat- Fig. 2.42 
ing, say, Torricelli's experi- 
ment in modern vacuum conditions. Before filling the 
tube with mercury, all gases must be evacuated from the 
tube via prolonged heating and the mercury must be 
pumped into the tube under a vacuum. In this case there 
is no Torricellian vacuum above the mercury when we 
turn the tube over, the mercury sticks to the inner surface 
of the tube thanks to molecular adhesion, and the part 
of it lying above the level corresponding to atmospheric 
pressure will be under negative pressure (see the figure 
accompanying the answer). Thus, it is possible to obtain 
negative pressure (uniform stretching) of the order of 
three atmospheres. 
2.43. We use the reductio ad absurdum proof. In Fig- 
ures (a) and (b) accompanying the answer we have two 
Variants that differ from the variant shown in the figure 
accompanying the problem. In each of these variants the 
arrows show a cyclic isothermal process. As a result of 
each of these processes, useful work is done(the amount 
of this work is equal to the hatched area) with an effi- 
Clency of 100% thanks to complete utilization of the 
eat received from the heater, which of course contradicts 
Je second law of thermodynamics and, hence, is impos- 
Sible. If we assume that the hatched areas in the figure 
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i the works done 
companying the problem are the same, ^ L 
dione eb cathe 2-4-6 and 2-3-4-5-6 are equal. But doesn't 
this contradict the second law of thermodynamics, that 
is, can a cyclic process along the path 2-4-3-2 be per- 


p b 


v Y 
(a) (b) 


Fig. 2.43 


formed? One must bear in mind that while points 2 and 6 
correspond to a single (i.e. the same for both curves) 
one-phase state, point 4 corresponds to two different 
States, a one-phase state on the theoretical curve and a two- 
phase state on the experi- 
mental curve. The entropies 
of these two states are differ- 
ent, and so are the internal 
energies of these states, ener- 
gies related to the interaction 

Pa i between the molecules. 
| i 2.44. Suppose that under the 
| i piston there is a liquid and 
Vrap v its saturated vapor, whose 
Fig. 2.44 pressure is counterbalanced by 
the external pressure. If hea 
is supplied to the liquid iso- 
thermally, the liquid evaporates and the piston rises: 
ioe work done by the vapor when the vapor increases 
its volume by AV is given by the formula 


A = pyapAV, 


P» 


Vig 


Where py. is th eat 
o pn apor. 
the beginning the? essure of the saturated vap 


is only liquid whose volume is Vua 
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and at the end only vapor whose volume is Vyap, the 
entire work done during evaporation is 


A= Pvap (Vsap =a Vug). 


This work is measured by the area bounded by the hori- 
zontal section of the isotherm, the horizontal axis, and 
the segments from O to Pvap al Vyq and Vyap- 

2.45. As the pressure is raised from the atmospheric to 
the test pressure, a liquid or gas accumulates energy, 
which is equal to the hatched area under the curve. If 


Pa F 


Liquid V 
(a) 15] 


Fig, 2.45 


the cylinder or pipe fails, only a small fraction of the 
energy is liberated by the liquid (Figure (a)) because of 
the small compressibilities of liquids, and the pressure 
alls to the atmospheric practically immediately. In the 
Case of a gas the accumulated energy may be extremely 
high (Figure (b)) and the consequences of its liberation 
may be catastrophic. 

-46. When a liquid is heated, its density drops, so 
that the volume it occupies may increase notwithstanding 
®vaporation. The decrease in the density of the liquid 
and the simultaneous increase in the density of the vapor 
ead to a drop in surface tension. As a result the meniscus 

comes flatter and at the critical point disappears com- 
Pletely. Of special interest is the phenomenon of critical 
Opalescence, discovered by T. Andrews in 1869, which 
Consists in the medium becoming suddenly “cloudy” at 
ill Critical state. This phenomenon serves as a vivid 

Ustration of fluctuation effects. Extremely small fluctu- 
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ations in the density of the medium, fluctuations that 
are due to the random movements of molecules, lead to a 
situation in which the density in some microscopic vol- 
umes becomes, at certain moments, somewhat higher 
than the one corresponding to the critical point, and 
these volumes transform into the liquid, while the neigh- 
boring volumes remain being a gas (the ones with the 
lower density). In subsequent moments this situation 
may change. In this sense the entire volume filled with 
the fluid consists of constantly changing liquid-gas inter- 
faces on which the light is scattered. 
2.47. When a liquid is evaporating, energy is constantly 
required for performing work against external forces (the 
external heat of evaporation) and against the forces of 
cohesion between the molecules (the internal heat of 
evaporation). When a liquid is evaporating adiabatically, 
the energy necessary for evaporation is taken away from 
the internal energy, whence the liquid cools off. This 
decrease in internal energy may be so great that the re- 
maining liquid may transform into the solid state. Even 
if the heat insulation is not perfect, cooling may still be 
considerable. This property, for 
one thing, is employed in some 
types of commercial and house 
refrigerators. 
2.48. A drop has only one spher- 
ical surface while a bubble has 
two, the inner and the outer, 
Whose curvatures are almost the 
but opposite in sign. For this rea- 
S of a bubble create excess pres- 
the excess inner oe fannie of the bubble. Thue 


49, € excess pr 2. i n 
by the formula pressure inside a bubble is determine 


greater and thi 
larger bubble p 24 the bub 
TOWS. lihri 
m of the emis: ba Equilibri 
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ble contracts, while tes 
um is attained when i A 
bble forms a surface near the outle 


of the pipe with a curvature radius that coincides with 
the one of the larger bubble. 

2.50. The vapor pressure above the convex surface of 
a liquid is higher than that above the flat surface, with 
the corresponding difference being the greater the smaller 
the curvature radius of the surface.* Hence, for the 
smaller drop (Figure (c)) the vapor is unsaturated, while 
for the greater drop (Figure (a)) the vapor is supersaturat- 
ed. Drop (a) evaporates, while drop (c) grows. The equi- 
librium of drop (b) is unstable, since if the size somewhat 
decreases, the drop begins to evaporate, while if the size 
increases, the drop grows. 


* The excess pressure is determined via the Thomson formula 


— PvapMG 
Ap-—-—TATr C 


Where pyap is the vapor pressure above the surface, M the 
molecular mass (weight), R the universal gas constant, 7 the 
temperature, o the surface tension of the liquid, p the density 
of the liquid, and r the curvature radius of the surface. 


2.51. The curvature of the surface of a liquid creates an 
excess pressure (known as Laplace pressure) directed 
toward the center of curvature. This pressure is the higher 
the smaller the radius of curvature of the surface. In the 
Case of water, the excess pressure (negative) tends to 
Stretch the drop, while in the case of mercury it tends to 
compress the drop. For this reason, the plates with the 
drop of water between them are under forces that bring 
them together (*attractive forces"), while the plates with 
mercury between them tend to move apart (“repulsive 
forces”), 
2.52. The excess Laplace pressure, caused by the curva- 
lure of the liquid surface, is directed toward the center 
of curvature of the surface and is inversely proportional 
lo the radius of curvature. For this reason, the drop of 
Water is under a negative pressure (that in absolute value 
15 greater than the pressure acting on the mercury drop) 
In the narrow part of the pipe and this pressure is directed 
toward the tapered end, with the result that the drop tends 
lo move toward the tapered end. In the case of mercury, 
te pressure is directed in opposition, that is, toward the 
Wide end of the pipe, and it is in this direction that the 
Top tends to move. 
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2.53. Surface tension (the surface tension coefficient) is 
defined as the ratio of the free energy of the surface layer 
of the liquid to the area of this surface. The free energy 
here is understood to be the energy that can be converted 
into work. This energy is determined by the interaction 
of the molecules of the surface layer with the other mole- 
cules, where the interaction with the molecules of the 
vapor above the surface is usually ignored. As the tem- 
perature is increased, the interaction of the molecules of 
the surface layer with the molecules in the bulk of the 
liquid weakens and that of the surface layer molecules 
with the vapor molecules grows. At the critical tempera- 
ture both interactions become equal, the interface be- 
tween liquid and vapor disap- 

pears, and so does surface tension. 

Thus, it is curve 2 that reflects 

the correct temperature dependence 

of the surface tension coefficient. 

2.94. If we assume that the water 

wets the wall of the tube in an 

ideal manner, then, if the tube is 

sufficiently high (k > họ), and the 

Fig. 2.54 diameter of the tube is small, the 
radius of the meniscus is equal to 

vetusti tact that of the tube. If k < ho, the 
this the rris iu the tube and reach the upper end. Aiter 
ds zr ure of the meniscus will decrease until i 

aches a value that satisfies the equation 


i 


h 26 


PgR c 
vies n is now not the radius of the tube but the radius 
H P value vds, meniscus, r < R. 
Oo. thou : -secti : four pipes 
of diameter Dr ise cross-sectional area of all four pip 


: h is equal to th f one pipe of rà- 
dius D, the volu á qual to that of one pipe i 
Ns rn me flow through tl ipes is lower. 
This follows from Poiseuille’s je TUUS 
.. nAppa 
dE x 


Thu 
dian volume flow through each of the four pipes s 
s 7 is lower than that through the big pipe n? 
2 


by a factor of four but by a factor of 16 (at the same pres- 
sure head), with the result that the total volume flow 
through the four pipes will be one-fourth of the flow 
through the big pipe. 

2.56. The transverse distribution of velocities in the 
flow of a viscous liquid in a horizontal pipe is determined 


via the formula (Figure (a)) 


aep ees. 


The radial coordinate jy is reckoned from the pipe's axis. 
The time it takes the particle to fall from the wall to 
a point whose ordinate is y is 


t = (R — y)lvy. 


In the course of this fall the particle will be shifted in the 
horizontal direction over a distance 


u " 


Bm PT y \2 
x = ITI — m {[1— (4) day 
R R 
vem [ 2 eyed y 3 
ey 13 ity) ]2 
At the lowest possible point (y = —R) we have 


4 Dept _ 2 Uxm p 
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The shape of the particle's trajectory in Figure (b) is 
represented in dimensionless coordinates, y/R and (z/R) X 
(Vy/Vxm)- 

2.57. Each figure accompanying the problem contains 
the initial segments of the graphs representing the cooling 
of water or the heating of ice. Continuing these graphs, we 
arrive at the intersection point in each figure. If the point 


Water 


Melting - 


Ice 


(5) 
Fig. 2.57 


of intersection lies above the horizontal line corresponding 
lo a temperature of 0 *C, the final temperature is positive, 
when the point lies helow this line, the final temperature 
he ate Ir tha graphs meet on the line t = 0 °C, 
Lah p temperature is 0 °C and the amount of the phase 

at las a horizontal section on the graph prior to inter- 
owe uH decrease. The ratio of the length of this sec- 
ee a : pus length of the horizontal section corre- 
initial S o bn phase determines the fraction of the 
other phase. pes phase that has transformed into the 
in mind that. h en analyzing the graphs, we must bear 

s ot 5 Slopes of the straight lines are determine 


by the mass A 
: BF we NOE tec sht lines n 
by the formula ter or ice and their specific heat capacity 


MO i 
AQ cm 


Here Woes " 
of fraus ioe 1n mind that the specific heat capacity 
orizontal Med as high as that of ice. The length of t E 
or the ice tee corresponding to the water freezing 
amount of heat ng is determined by the fact that the 
184 at required for melting a certain amount ° 


ice is equal to the amount of heat required for heating 
the same mass of water to 80°C. For the sake of illus- 
tration, Figure (a) accompanying the answer shows the 
diagram for the cooling off of a mass of water from 80 
to 0°C, then the freezing of this water, and finally the 
cooling off of the ice down to ¢ = —40 °C. Figure (b) 
accompanying the answer shows the reverse process in 
which the same amount of ice is heated from —80 to 0 °C, 
then melted, and finally heated in the form of water to 
60°C. The scales along the horizontal axes are arbitrary 
but equal, with the amount of heat expressed in arbitrary 
units. (It is easy to see that all this has no effect on the 
answer.) The two diagrams are combined in Figure (c) 
accompanying the answer. In the present case we see 
that the final temperature is 0 °C and half of the ice has 
melted. Applying this procedure to the case illustrated 
hy Figure (a) accompanying the problem, we see that 
the ice has completely melted and the final temperature is 
10 °C; for Figure (b) accompanying the problem, half of 
the ice has melted and the final temperature is 0 °C; for 
Figure (c) accompanying the problem, the case is similar 
to (b) but half of the water has frozen; finally, for Fig- 
ure (d), all the water has frozen and the final temperature 
is —20 *C. 
2.58. At the lowest possible pressures and the highest 
possible temperatures a substance may exist only in the 
vapor state (region 7). Compressing the vapor at relatively 
high temperatures, we can transform it into the liquid 
State provided that the temperature is below the critical. 
he curve separating region / from region 2 corresponds 
lo pressures and temperatures at which the liquid is in 
equilibrium with the saturated vapor of this liquid, with 
the region 2 corresponding to the liquid. 7,, on the tem- 
Perature axis stands for the critical temperature. By 
cooling the liquid, we arrive at temperatures at which 
there is equilibrium between the liquid and the solid 
phase— this corresponds to region 3. At low pressures 
there can be equilibrium between the vapor and the solid, 
ut there is only one value of temperature and pressure 
at Which equilibrium can exist between all three phases. 
is is the so-called triple point, and it is at this point 
that all three curves meet. 
neds As distinct from the majority of substances, the 
water system has an equilibrium curve with a negative 
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slope. In view of this, higher pressures correspond to a 
lower temperature at which ice and water are in equi- 
librium. If ice was under an external pressure p, at a cer- 
tain temperature and then this pressure was increased to 
Ps, then at a certain pressure pp, whose value lies on the 
phase equilibrium curve, the ice will melt. The anomalous 
dependence of the melting point of ice on pressure is 
linked with the anomalous relation between the densities 
of water and ice. As a rule, the density of the solid phase 
is higher than that of the liquid, but for water the situ- 
ation is the opposite: the density of ice is lower than that 
of water. This property is extremely important for the 
preservation of life in ponds, lakes, and rivers. If the den- 
sity of water were lower than that of ice, all ponds, lakes 
and rivers would freeze solid. 

2.60. Compressibility is defined thus: 


P-— 4, 
whence dV/V — — dp. Hence, 
Ve p2 

f vV- — EI 
Yi n 


Integration yields 


pa 
In (VV = | Bap. 


n 
The integral on the right-hand side gives the area bounded 
by the curve, the horizontal axis, and the vertical straight 
ines at p, and p,. After evaluating this integral, we turn 


to the volume ratio. If the compressibility were pressure 
independent, the volume ratio would be 


Y, = exp [f (p, — pil. 
2 E . 
id à maximum point the derivative dp/dL is zero- 
aed reason near à maximum the deviations in the 
the id oun e maximum value for small deviations 1n 
at dic uis Ws Which the temperature is measured are 
the mom dee the result that in the neighborhood of 
` 5 € precision wi SE sic Ja dater? 
mined is the highest. ith which density is de 
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2.62. As is known, the heat flux is determined by the 
equation 

d , AT 

ae m icu S. 
Assuming that the heat flux is steady-state and, hence, 
dQ/dt is the same at all points of the wall, we find that 
where the absolute value of the gradient d7/dz is greater, 
the respective thermal conductivity coefficient is smaller. 
Hence, the inner layer of the wall has a higher thermal 
conductivity. 
2.63. To elongate the rod by Al, we must apply, accord- 
ing to Hooke's law, the force 


F= 5 ai, (2.63.1) 
The work of elongation performed from x to z + Az is 
dA — F dz P5 sds, 
and the work performed from 0 to Al is 
A= FS (Aly. 


Multiplying the numerator and denominator by | and 
introducing the notation 


Al/l = g 


(the strain, or extension per unit length), we get 


As ERE e 


The performed work goes to increasing the internal energy 
of the rod, that is, the energy of elastic deformation. 
Dividing this energy by the volume of the rod, we get 
the bulk energy density 


w = Ee*/2. 
From (2.63.1) it follows that 
Ee = F/S — o, 


where o is the internal mechanical stress. For this reason, 
the bulk energy density can be represented as 


w = 02/2. 
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2.64. For each bar the thermal linear strain is 


AUL = GAT; « 
while the mechanical linear strain is 
Al/l = —o/E, 


- , 
where c is the internal mechanical normal stress (Young's 
modulus), which is the same for both bars. The sum of the 
two strains is zero: 


«AT — ol E = 0. 


Hence, «E. = c/AT. Since the right-hand side isthe same 
for both bars, we can write Q,É, = aH, or 


aa, = Ey E,. 


If the walls possess the same mechanical properties, the 
deformability of the walls has no effect on the result. 


3. Electrostatics 


3.1. The components of the electric field strength that 
are generated by the charges at the acute angles are equal 


and are directed toward the negative charge. If we denote 
the length of the h 


nents is Q/Axeyeg? 
ponent of the elec 
charge +20 is the 
the hypotenuse 
m strength i 
the charges +20 and — 

3. Since in in $ y 


: ar sum. For unlike charges the di- 
rentia of the resultant vector does not change while x 
ike charges it does. In th 


e case illustrated by Figure (2): 
S positive everywhere. Allowing 
e problem, we conclude that 
d the right charge is negat ve 
aled by Figure (c), the s 
ight charge is positive. E 
ic field strength changes ! 

istance between the charges 
cur if the charges are like. 
e d and allowing for the rela 

8 


Charge is ne 
Figures (b) and 


tionship between the direction of the electric field vector 
and the sign of the charge generating the field, we con- 
clude that for the case depicted in Figure (b) both charges 
are positive, while for the case depicted in Figure (d) 
both charges are negative. 

3.3. Since both electric field vectors lie on a single 
Straight line, they can be added algebraically, just as we 
did in the previous problem. The electric field strength to 
the right of charge Q, in the immediate vicinity of the 
charge is negative; hence, the charge is negative (the 
electric field vector is directed toward the charge). The 
electric field strength may be positive to the right of Q, 
only if Q, is positive and greater (in absolute value) 
than Q,. The electric field strength is zero at point z if 


_Q@a . Q6 
Qt ny zi í 
whence 
Be... SER a 
Qo ~~ ( Tı ) : 


At all points that are to the right of Q; the electric field 
Strength is specified by the equation 

B o. @ Qo 

E,- qf. 
Taking the derivative with respect to z and nullifying it, 
we find that the maximum is at the point 


l 
Ta = QIT - 


3.4. The direction of the electric feld vector at a point 
With coordinates z and y (see 
the figure accompanying the 
answer) is determined by the 
two components, E, and Ey: 

j^ EE (7 gus MI 

*U me^ V ^ 2ze&y ^ 

For the extension of the resul- 
tant vector to pass through Fig. 3.4 
the origin, which is where 
the Conductors intersect, the slope of the vector must 
be equal to ylz, that is, 
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Thus, 

lana — yle = y TIT, 
3.5. No such point can exist in region IZ, since the elec- 
tric field vectors of the two charges point in the same di- 


rection—from the linear charge to the point charge. In 
regions ZII and J the electric field vectors of these charges 


| 
| 
| 
| 
| 
Fig. 3.5 


point in different directions. Let us examine each region 
separately. At a certain point to the right of the point 


charge, the electric field strength produced by this charge 


E,= —Q/4ne 92", 


Where z is the distance from the charge to the point. The 


mh charge produces the following field at the same 


E, = 1/278, (£ + a). 


The sum of these fields is zero if 


T 
Qa ? 
whence Te 


Onl jen 1 
me De ES in front of the radical sign has any 
the left of the o Inus Sign corresponds to a point to 
strönptha ct x Point charge, where the electric field 
from each oth charges are added rather than subtracle 

"à er (the quantities are equal in absolute val- 


ue). Now let us turn to region 7, that is, to the left of 
the linear charge. To see whether there are points in this 
region where the electric field strength is zero, we deter- 
mine the electric field strengths produced by the two 
charges in this region. For the sake of convenience we 
direct the z axis to the left and take point A on the 
linear conductor as the origin (see the figure accompany- 
ing the problem). Then the field produced by the point 
charge is 
Q 
2 Ane, (a jx 


while that produced by the linear charge is 


B, 


B= 


ee 

2M yx * 

The two vectors point in opposite directions, obviously. 
The condition that their sum is zero yields the following 
equation for x: 


xv (20-2) z+a=0, 
whence 


Em) ey GE] e 


. The net field strength in region J is zero if the radicand 
is positive, obviously, that is, if 


Q z Sar. 


If this condition is met, region J contains two points 
where the electric field is zero. The distribution of the 
electric field strength along the x 
axis is shown schematically (with- re 
out a definite scale) in the figure ZN x 
accompanying the answer. PA 

-6. Let us first solve this prob- 
lem by dimensional considerations. u 
ere are the quantities on which 
the interaction force between the Fig. 3.6 
Conductors might depend: the 
Charge densities, the distance between the conductors, 
and the "absolute" permittivity 


£a = E8, 
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which obviously has the same dimensions as the permit- 
tivity of empty space £y, since the dielectric constant € 
is dimensionless. The SI dimensions of these quantities 
are 

[IF] = LMT, [x] = LoTI, [e,] = L3MAT415, 

[a] = L. 
Assuming that these quantities enter the expression for 
force F with exponents D, q, and r, we can write 
F = Creda" 


(C is a dimensionless cons 


; i i tant), and the equation for the 
dimensions is 


LMT- = [LATP x [LMT] 9x Lr. 


This yields the following equations for the exponents: 


1 = —p — 3g +r, 1 = =ý; —2 = p + 4q, 


=p + 24. 
Hence, 
p =2, q = —1, r=0, 
or 
mop Ut T 
debis x (3.6.1) 


We have found, therefor 
depend on the d 


; f the drawi « ” ctor 
with lin Pe o awing "cuts" the conducto 
this te ege Ti The electric field generated by 
Second cond at the point with the element dz of the 

uctor distant r from the first is 
B-——— 
2n&jer E 


The followi 
n 
ductor: g force acts on element dz of the second con- 


25 dF = Er, dz, 


We are interested, however, in the component of the force 
that is perpendicular to the second conductor, or dF cos a, 
since the longitudinal component is canceled out by an 
equal component acting on the symmetrical element. 
Let us express all linear quantities in terms of distance a 
and angle a: 


a 
rs i da 
cos a 


da. 


cos? a 


d H p eae H . 
Substituting these quantities into the expression for the 
perpendicular component of the force acting on element 
de, we gel. (after canceling out. like terms) 

TiTa 


= da. 
2nE0E 


dF= 


Integration from —2/2 to --z/2 yields 


, Tis 
F= -7 
Em 


` 


that is, we arrive al an expression of the (3.6.1) type. 
Hence C = 1/2. 

3.7. The element of the disk bounded by radii p and 
P -+ dp and angle dọ carries a charge (taking into account 
both sides of the disk) equal to 2opdpdq. At a distance z 
from this element and, hence, at a distance r from the 
disk's center (Figure (a)), the electric field generated by 
this charge is 


. 209 dp dọ 


— 4negEez? 


Only the component of this field that points in the di- 
rection of r is of any interest to us since the perpendicular 
Component is canceled out by an equal component (point- 
ing in the opposite direction) from the symmetrically 
Situated charge. For this reason, the charge on the disk 
limited by the radii p and p + dp creates an electric field 

dp pip oeoa 


(3.7.1) 


We ex , ae " . 
Ve express all geometric quantities in terms of distance r 
and angle q: 


f r da 


p=r tang, dp= za: 
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After substituting into (3.7.1) and canceling out liké 
terms, we get 


osing da 
dE-——— — —. 
D" 


Integration from œ = 0 to the value «4 corresponding 
to the edge of the disk yields 


n o 
E = — (1 — cos œm) = ( — = 
D ( m) By V RY 


For r< R, angle œ is close to 90°. In this case, £ ~% 
G/e oe, just as in the case with an infinitely large plate. 


E 
H 
= 

(a) 


Fig. 3.7a 


Let us calculate E for rœ R. To this end we ex press 
COS &m in terms of r and R: 


cos Üm = - —__— 
m Vn +r" 


Using the rules of approximate calculations, we arrive at 


fies 7 r i . 1 dé A 
VRF r VIER e mv 


Substituting this into (3.7.2), we get 


—_ OR? 
" 2eggr? * 
i = 

nee 6 = Q/2nR?, we have 


just i 
j fne ta Jus ra (see the problem). 
the disk with diste uum d af ide ko 


n rve 7); for comparison, the 


straight line 3 corresponds to the field created by an in- 
finitely large plate with a surface charge density equal to 
that of the disk, while curve 2 corresponds to the field 
of a point charge whose magnitude coincides with 
the charge of the disk. Dimensionless coordinates are 


eS 


06 


[ 10 20 r/R 
(5) 
Fig. 3.7b 


employed in Figure (b): r/R along the horizontal axis and 
7/ £F, along the vertical axis (Ey is the electric field strength 
Senerated by the infinitely large plate). 

The force with which an electric field acts on a di- 
pole is 


Popy te, (3.8.1) 


Since an infinitely long straight conductor with an evenly 
“istri buted charge (density) generates an electric field 


T 
2neEr 


E- 


` 


we have (according to (3.8.1)) 
p= Pa (3.8.2) 


2neggr? ^ 
Nothing was said in the problem about the sign of the 
Positiv. the conductor. Obviously, if the charge is 
9 and the dipole moment coincides in direction 
e positive direction of the electric field vector, 
ole will move toward the conductor, which agrees 
he “minus” sign in (3.8.2). 
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3.9. If the field in the region between the plates can be 
assumed to be uniform, the plates of the parallel-plate 
capacitor interact with a force 


F = egeE*8[2, 


where S is the area of the plates of the capacitor. Since 


E = U/l, with U the potential difference between the 
plates, we have 


F = eyeU?SJ2P. 


Thus, for a given potential difference between the plates, 
the attractive force is the greater the smaller the distance 
between the plates. If the upper plate is balanced by 
weights, a small decrease in the distance between the 
plates leads to an increase in the attractive force, while 
a small increase in the distance leads to a decrease in the 
force. In both cases the balance will be violated. This 
means that the plate equilibrium is unstable. There is 
a special set screw in the electrometer that does not 
allow the upper plate to move below the level at which 
the measurement is taken. . 

3.10. The force acting on the strip when the strip lies 
on the lower plate is determined by the formula for the 


attractive force between the plates of a parallel-plate 
capacitor, 


p. &gE? — QE 
F= c S= 2 
Where S is the area of the strip, 


as if it was part of the 
lower plate of the cap 


acitor. When this force becomes 
greater than the weight of the strip, the strip begins to 
move upward, but retains its charge Q = oS. 

When the distance between the strip and the lower 
plate becomes great, the strip will not only be attracte 
by the upper plate but will also be repulsed by the lower 
plate where the charge density will gradually become 
wer Asa result, the force on the strip increases in mag 
dax 4 i = ignore the distortions introduced by n 
Mud. oft p strip into the field (this can be done if t 
Ky s small), we can assume that the strip isin a fie! ‘ 

20] E and that the following force acts on iU 
plate as j he charged strip induces a charge on the uppe” 
: S 1t approaches the plate. This leads to a distortio” 


in the field and a slight increase in P. Although in t e 
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above discussion we have considered a flat strip, the same 
line of reasoning is valid qualitatively for any small con- 
ductor lying, at the initial stage, on the lower plate of 
the capacitor. 
3.11. Let us first solve this problem by dimensional 
analysis. The following quantities are present in the 
problem: the initial potential difference U that the 
electron or ion has to pass, the potential difference Uo 
between the plates, the distance d between the plates, the 
sought distance Z that the electron or ion has to travel 
before it hits the plate, the charge Q of the particle, and 
the particle's mass m. The equation for the dimensions 
can be written as follows: 
[I] = [d] U PILU] m], 

or 

L = Lo[LeMTI ]e*c[17] M”. 


For the exponents we have the following four equations: 


a+2b+2=1,b+c+y=0, 
z — 3b —3c = 0, r —b —c = 0, 


whence 


a=i1, b=-c, r=0 y=0. 


We see that the distance traveled by the particle (an 


Seen or an ion) does not depend on the charge-to-mass 
ratio. 


We arrive at the same result if we solve the equation of 
motion of the particle. Under the potential difference Uo, 
€ particle acquires a velocity 
v= V 2QU,/M, 


With which it moves parallel to the plates, while the 
acceleration with which the particle moves transversely 
to the plates is 

w = QU/md. 


The Particle takes a time interval 

a d. V m 
i iy v-4V wo 
? Cover the distance 


1—vt-dy2UJU - 
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This conclusion has a broader meaning than the one 
obtained earlier. It follows that for a given initial energy, 
a charged particle moves in an electric field along a tra- 
jectory that does not depend on the particle's charge-to- 
mass ratio. 

3.12. A dipole that is placed in a nonuniform electric 


field and is oriented along the field's direction is under 
a force 


dE 
P= paz , 
e Da is the dipole electric moment. If the direction 
o 


f the dipole’s axis is taken as the positive direction, the 
direction of the force will be determined by the sign of 
the derivative. In the case at hand the derivative is 
negative and, 


: hence, the dipole is moving toward the 
point charge. 


3.13. A point d 


ipole oriented along the lines of force 
of the field cre us m oni, 


ated by a point charge is under a force 
; dE 
F p= Page. 
Since the electric field created by a point charge is 
PNE 
Be: Aner? ^ 
we can write 


d/o — Q 
dro 2nger? ^ 


With the result that the force acting on the dipole is 


P QPe 
p" —.. 


At points that lie t d ; i 
electric field of iu m his 0 be point Dips, xin 


is 
NE x 
br point charge Q is in this field, the force acting 
Fo = Ga. 
In accorda i ei 
coincide pedo di S third law, this force must 


a ith, but be opposite to, force Fp- 


The positive direction in the figure accompanying the 
problem is the one from the point charge to the 
dipole. Therefore, the “minus” sign in the force acting 
on the dipole implies that this force is directed toward 
the point charge. The field created by the dipole at 
the point where the point charge is positioned has 
a "plus" sign, that is, is directed toward the dipole. The 
force acting on the point charge points in the same 
direction. 
3.14. The electric field in which the sphere is placed in- 
duces charges of opposite sign on the sphere, in view of 
which the sphere becomes a dipole. After the sphere is 
shifted, it finds itself in a nonuniform field, which forces 
it to move toward the charge to which it was shifted. 
Thus, the equilibrium of the sphere at the midpoint be- 
tween the charges is unstable. 
3.15. Due to electrostatic induction, one side of the 
sphere becomes positively charged, while the other becomes 
negatively charged, and the sphere becomes a dipole. 
At first glance it might seem that since the dipole is 
oriented along the lines of force of the field and the field 
of the capacitor is uniform, no forces act on the sphere. 
But this is not so. The presence of the sphere will distort 
the field. The charge density, and hence the field strength, 
at the points of the plates that lie on the straight line 
that is perpendicular to the plates and passes through 
the center of the sphere will increase. The dipole will find 
itself in a nonuniform field and will be attracted to the 
Plate that is closer to it. If the string enables the sphere 
to touch the plate, the sphere will lose its charge, which 
is opposite to the one on the plate. But the sphere will 
en acquire a charge that is of the same sign as that on 
the plate it has just touched. This leads to a repulsive 
force between sphere and plate, with the result that the 
Sphere will move toward the other plate. After touching 
this plate (if the string enables it to do this), the sphere 
Will reverse the sign of its charge and will move in the 
direction of the first plate, and so on. 

16. If the distance between the spheres is not very 
arge, the charges on the spheres are not evenly distrib- 
uted over the surfaces. The effect of the spheres on each 
Other results in that in the case of like charges the sections 

the spheres that are farthest from each other will 
ave an enhanced charge density, while in the case of 
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i T al are closest 
i 'ges the sections of the spheres that are S sud 
dang iu will have an enhanced charge ee : A 
this reason, the distance between the “centers of ecd 
for like charges is greater than that for oe Rose 
Hence, the attractive force between the exon nl 
will be greater (in magnitude) than the repulsive 
between the like charges. i 
3.17. The field strength in each layer is 


im 4n&ger? * 
On the log-log Scale, 


log E = log m — log £,— 2log r, (3:12.3) 
and 


2 493 
log E,= log s —loge,—2 log r, (3.17.2) 


in each layer at the boundary between the layers. Sub- 
tracting (3.17.1) from (3.17.2) and bearing in mind that 
the difference of the logarithms of two quantities equals 
the logarithm of the ratio of these quantities, we have 
log (Z,/E,) = log (&/e,) 
Hence, in the inner layer the dielectric constant is higher 
than in the outer. Th 
field strengths in Fi 
is about 0.3, which 
tric constants of about 2. 


18. The lines o 
er as on 


the algebraic en 
eld of each charge. For a porn 
charge, the Potential a 1 the charge is 
OL, 
NE rs 
(it is assumed that the 
en the 


Potential at infinity is zero). 
Potentia] at 


charges are like, the absolute value of the 
à point r distant from one of the charges is 
e: 1 1 
y "mas (FH). 
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The sign of the potential coincides with that of the charge. 
Hence, in Figure (a) both charges are positive, while in 
Figure (c) both are negative. When the charges are unlike, 
the potential at midpoint between the charges is zero. 
The potential is positive closer to the positive charge 
to the left in the case shown in Figure (b) and to the right 
in the case shown in Figure (d). Y 

3.20. The field strength vanishes only at one point, 3, 
Where the derivative dq/dr is zero. Since near charge Qa 


eis Potential is negative while near Q; it is positive, We 
can conclude that Q, and Q, are negative and positive, 
respectively. The potential at every point in space is 
~e algebraic sum of the potentials produced by all charges. 
f the right of Q, (except in the immediate vicinity 
th Qa) the potential is positive. This implies that in 
e entire region to the right of Q, the potential pane 
i is greater in absolute value than the potentia 
troduced by Q,. Hence, the absolute value of Q, is greater 
i that of too. ; 
oe Since E mie must be added algebraically, we 
"elude that at a point removed from the middle of the 
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distance between the charges by an interval of r the 
potential is 
= 2ne& (a? +- r?)1/2 

(the potential at infinity is assumed to be equal to zero). 
Hence, the potential falls off as r increases in exactly 
ihe same manner on both sides of the straight line con- 
necting the charges. At great distances (r >> a), varies 
in exactly the same way as the potential produced by 
a point charge equal to 2Q does. 

There are two ways in which one can determine the elec- 
tric field in this problem: either directly calculating the 
values of the vectors and adding the vectors geometrically, 
just as shown in Figure (a), or employing the formula 
that links the electric field strength and the potential, 
E = —dq/dr. Both methods yield 


= Qr 
E,— 2Qeoe (a? + r2)3/2 


The electric field strength vanishes 


of the distance between the charges and at an infinite 
distance from them. It is at its maximum, which can be 
found by nullifying the derivative dE,/dr: 


at exactly the middle 


dEr 120 p (a84 r2)9/2— 372 (a2 ry =0 
dr TE ge (a? 4- r2)5]2 ] i 
The electric field strength is maximal at r = aly 2, with 
7 _ 0.770 
En= 4nega? 


Figure (b) shows the beha 


e vior of E and q in dimensionless 
coordinates: Pm, E/E. 


m and r/a. 


thi al surfaces of the field vane’ 

e plate are convex downward (that 15: 

toward the plate), : 0D any straight line parallel 
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lo the plate, the points farther from the sphere have 
à potential lower than those closer to the sphere. Hence, 
the point charge is moved from a point with a lower 
potential to a point with a higher potential. This requires 
doing work against the forces of the electric field. 
3.23. Point 7 has a positive potential with respect to 
the negatively charged plate of CZ. This potential is half 
the difference in potential between the plates of C7 (and 
of C2). Since point 2 lies in capacitor C2 closer to the 
negatively charged plate, its potential is lower than that 
at point 7. When the point charge is moved from 
point 7 with a higher potential to point 2 with a lower 
potential, the electric field performs work equal to the 
product of the strength of the point charge by the 
Potential difference between points 7 and 2: 


A =Q (Pı — P2) 0. 


3.24, Initially the capacitance of the capacitor (filled 
With the dielectric) is C = e,eab/l. After the dielectric 
1$ moved out of the capacitor by a distance z, the ca- 
Pacitance becomes 


C = ea lx + e (b — z)l/l. 


Since the total charge on the plates of the capacitor ro- 
Mains unchanged, the potential difference between the 
Plates becomes 


dh... s. 
£oa [x +e (b —2)] 
Where Q is the charge on the plates. Since initially the 
Potential difference was U = Ql/eyeab, we have 

U eb = eb 

U, | zdL£e(b-zr) eb—(e—i1)z ° 
The field strength between the plates will increase by the 


Same factor. The charge density in the part without the 
dielectric is 


U= 


, 


ier M Fr Los 
gie — E — a[eb—(e—1) z] " 
While on the part, with the dielectric it is 


£0 
a [eb —(e— 1) z] 


0, = &eE 


Initially the charge density on each plate was 


Oo = Qlab, 
or, respectively 
o b Go e 
oo £b — (e— 1) z/b and So  e—(e—1) z/b * 


In the part filled with the dielectric, the charge density 
gradually grows in the same proportion as the electric 
field strength and the potential difference between the 
plates, while the total charge of this part gradually de- 
creases due to the increase in z. In the part not filled with 
the dielectric, the charge density first drops s-fold (at 
t « b) and then gradually grows, approaching the value 
it had when the dielectric filled the entire space between 
the plates. 

3.25. Being a conductor, each plate has the same po- 
tential at each point, while the electric field strength, 
Which is minus one multiplied by the gradient of the 
potential, is highest where the plates are closest to each 
other. At the same time, the electric field strength near 
the surface of a conductor is linked with the local surface 
charge density through the formula E = olee. For this 


Teason, the surface charge density at point / is higher 
than that at point 2. à 


3.26. The electric field strength at the core is 


po 23) 
a Diln(DjD;) * 


To find the extremum of E, we take the derivative, 
dE, (In D —1n Dj) —4 
=L= U 2—ln Dj) 
dD, [Di (In D;—In Dy)? 


and nullify it. The result is 


ln D, — In D, — 4, 
or 


Dy = De. 


a ; ds to 
T 1 p and D, +p Rubeis 
ince the Charges on the capaci ae 
l acitors CI an 
are equal, the Potential difference im these capacitor? 
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2* 


and the capacitance of each capacitor are linked through 
the following formula: 


C,U, = CU». (3.27.1) 
For capacitors CJ and C4 there is a similar formula: 
CU, = C,U,. (3.27.2) 


For a potential difference between points a and b to be 
zero, we must make sure that U, = U, and U, = U,. 
Dividing (3.27.1) by (3.27.2) termwise and canceling 
equal potential differences, we gel 


Pies = Cilly 


Note that if a constant potential difference is applied 
between points A and B and the capacitors leak some 
charge (i.e. their resistance is not very high), the distrib- 
ution of potential between the capacitors is the same 
as in the Wheatstone bridge, that is, is proportional to 
the resistances.* 

* These considerations must be taken into account in some other 

problems, too (e.g. see Problems 3.30 and 3.31). 


3.28. The charge of the solid sphere is 
4 
Q= 


5 apR?, 
Where p is the volume charge density. Outside the sphere, 
that is, for r >œ R, the electric field strength coincides 
with the electric field strength of 
the same charge @ concentrated, 
however, at the center of the 
Sphere: 


qe cd E , ~ 
4neger? 3 eger? ^ (3.28.1) 


On the surface of the sphere, 


D pR 98.9 
m See ' (8:202) (a) 
To find the electric field inside Fig. 3.28a 


the sphere, we isolate a sphere D 
of radius r< R inside the sphere (Figure (a) accom- 
Panying the answer). The charge contained in this 
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smaller sphere is 4zpr?/3. According to Gauss's theorem, 
the electric field at the boundary of tlie isolated sphere is 
p... 4npr d pr 3.28.8 
E- SXx4negr? — 3 ee * (3.28.3) 
Thus, the electric field along r behaves in two Ways: 
side the sphere it increases linearl 
(3.28.3) from zero to the value given by formula (3.28.2), 
while outside the sphere it decreases by a quadratic 
(hyperbolic) law, just as in the case of a point charge. 


The behavior of the potential inside and outside the 
sphere must also be conside 


in- 
y with r according to 


red separately. Inside the 
sphere, 
g r 
E CHER NOT 7 1 pr? 
| do- Bene fra tee) 9—9—4 T 
Po 0 


Al. the boundary of the sphere, 


1 pk? 
m6 mr er 
Finally outside the sphere the potential is distributed 
thus: 
9 r 
' 1 pm? ( dr 3 1 
doc HB e, Loe at 
i 3 e y ri =g 3 eë E r) 
Putting p =0atr= œ, we get 
_ 1 pR? 2 98 
n= dS (3.28.4) 


If this is taken ir 


ito account, we c. 
outside the sph | 


an write for the potential 
ere the followi 


ng formula: 
1 prs 
P = -= pire 


3 eer ^ 
Mercia (3.28.4) can al 
a 


so be used 
the center of the = 


find the potential 
sphere: 
zya ORE 
P= 5 E 


For the Potential distribution 


get inside the sphere we then 
= Pp _ yt 
^ 2e (re *J 
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Figure (b) accompanying the answer shows the behavior 
of the electric field and the potential inside and outside 


P/i Pm E/E 
10 


06 


2 3 r/R 
(b) 


Vig. 3.28b 


the sphere. Dimensionless coordinates @/Qm, — E/ Em; 
and r/R are employed. 

3.29. Let us isolate a thin layer of thickness dz parallel 
lo the plates and lying between them (Figure (a) accom- 
Panying the answer). A 
unit area of this layer car- 
ries a volume charge pda. 
According to Gauss's theo- 
rem, the electric field gen- 
erated by this layer is 
equal in absolute value (on 
each side of the layer) to 

dE* = pdz/2e,. 

Tf all the charges to the 
lett of the isolated layar 
Senerate a field of strengt R 
E, the resultant siete field strength is Æ = dE* at 
the left boundary of the layer and £ + dE* at the 
right. Thus, over a distance of dz the electric field 


Strength increases by 
dE = 2dE* = p (dale). 


Integration yields 


(b) 
Fig. 3.29 


E = pale) + Eo 
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with E, the electric field at the left plate. According to 
the basic equation of electrostatics (the one that links 
the electric field strength. with the potential), 


pe pul dp 
uw A dx * 


Integration from 0 to z yields 


9i—9,— 5 t Est, (3.29.1) 


where q, is the potential of the left plate, which is zero 
by hypothesis. The potential is zero also at x = I. Monte 


E, = —pl/2e,. 


Substituting this into (3.29.1), we arrive at the relation- 
ship between q and z: 


p x x (l— a). 


2&5 
This function represents a parabola with a maximum al 
z = 1/2, The sketches of the P vs. x and / vs. « curves 
are shown in Figure (b) accompanying the answer. 
3.30. When the capacitors are connected in series, the 
charges on them are the same. Since these charges are 


Q= CU, = C,U,, 


the capacitor voltages are inversely proportional to the 
ie itances, Hence, the voltage applied to the capacitor 
: Am With the dielectric is smaller than that applied to 
Maxis cee bya factor equal to the ratio of the di- 
roughly) ant to unity (the dielectric constant of airs 


3.94. If C, is the initial capacitance of each capacitor, 
tial M cw ue of the two capacitor rs 
i is 4 D 
capacitor is increased, iet d EE pce un 
aller than Cos The voltage Uy applied to 
mong the capacitors in a 
the plates is n to the capacitances, since the charge 0! 


Q= U,C, = UC. 


Since Uy remains unchanged, the voltage across the capa- 
citor whose plates are not moved will decrease, while that 
across the second capacitor will increase. 

If the capacitors are first charged and then disconnected 
from the DC source, the charge on them will remain un- 
changed. The voltage across each capacitor will be 


U,=Q/Cy, |. Us; = QIC,. 


For this reason, the potential difference across the capa- 
citor whose plates are not moved remains unchanged, 
while that across the second capacitor increases. 

3.32. When the capacitors are connected in parallel, the 
initial capacitance is C = 2e,eS/l. After the distance 
between the plates is changed, the capacitance becomes 


EES — — 2egeS 
l—a l—a®/l * 


"n aes 
The new capacitance is greater than the initial one. 
When the capacitors are con- 


nected in series, M D 
dl d 
Gees: 
Alter the distance between = 
the plates is changed, P 
d dba | l1—a 2 
c 28S EES — Bes C 


that is, the capacitance re- 
Mains unchanged. 

The electric displace- ai 
pent vector has the same : 
length i Fig. 3.33 
ines ! Ls yn halves, 
t9 4 = Diege, the elec- ; R 
tric field strongth is lower in the half filled with the di- 
electric (where the potential gradient [is smaller in abso- 
ute value), that is, part Z (see the figure accompanying the 
Dloblem), If removal of the dielectric does not alter the 
nage on the plates, the potential behaves in the same woy 
as it did in part 2 prior to removal of dielectric and the 
otal potential difference will increase (Figure (a) accom- 
Panying the answer). If removal of the dielectric does 
ine alter the potential difference, the points representing 
Ne potentials on the plates (p and 0) will remain unchang- 
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the increase in the potential energy of the layer of dielec- 
tric between the plates in the gravitation field of the 
earth. It must also be noted that work is done against 
viscosity forces when the capacitor is drawn out or sub- 
merged into the dielectric. After the capacitor is sub- 
merged into the dielectric, its capacitance will increase, 
while the potential diflerence between the plates will 
drop. The electric field strength, which is the same in the 
parts with and without the dielectric, decreases too, while 
the electric displacement proves to be greater by a factor 
of ein the part with the dielectric as compared to the 
value in the part without the dielectric. 

3.40. The problem can be related to Problem 3.38. There 
we found that into the general energy balance one must 
include the energy flow through the current source, which 
uses a fraction of its energy to increase the energy stored 
in the capacitor when the capacitor is submerged into 
the dielectric. The liquid dielectric must be "sucked" into 
the capacitor, just as in the previous problem. The effect 
of the capacitor's field on the dielectric can also be taken 
into account by considering the polarization of the di- 
electric. As a result of this process, each volume element of 
the dielectric becomes a dipole and is pulled into the field 
at the edge of the capacitor. The strength of this field is 
higher than that in the dielectric at a certain distance 
from the plates. 

3.41. When the cube is compressed in the transverse di- 
rection, it is stretched in the longitudinal direction, as a 
result of which the upper face becomes negatively charged 
and the lower face becomes positively charged. 


3.42. Formally, such points are determined by the ex- 
pression 


e = Diet, 


Obviously, at the point where E = 0 and D Æ 0 (point 
0), the dielectric constant is formally equal to infinity, 
while at points where D = 0 and E Æ 0 it is zero (points 
2 and 6). Of course, such values of € are of a purely for- 
mal nature. 

TN If Lis the length of the plates of the capacitor in 
the System Where the capacitor isat rest, in a system where 
the capacitor is moving witha velocity v this length is 
WT — vire, Since the transverse dimensions of the plates 
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do not change, the area ratio is also 1/1 = vci. 
Since the charge on the capacitor remains unchanged, 
the surface charge density increases, with the result that 


EIE, = My — vc. 


4. Direct Current 


4.1. The two conductors, 7-3-5 and 2-4-6, have different 
potentials, with the result that when key K is closed, a 
current will flow from 3 to 4, while the currents passing 
through the resistors will flow from 7 to 3, from 5 to 3, 
from 4 to 6, and from 4 to 2. The closing of the key leads 
to an increase in the current flowing through the ammeter. 
If the resistances of the conductors 7-3-5, 2-4-6, and 
3-4 are extremely low, then the sections 7-2 and 5-6 of 
the resistors will be shorted for all practical purposes. 
4.2. Prior to closing the key, the circuit consists of two 
resistors connected in parallel (the resistance of each re- 
sistor being 3R). This means that the total resistance of 
the circuit is 1.52. After the key has been closed, the cir- 
cuit, consists of two sections connected in series, each of 
which has two resistors connected in parallel. The re- 
sistance R’ of each section is given by the formula 
1 1 1 


qe m3 


and is equal to 27/3. The resistance of the entire circuit 
is 4R/3. The current measured by the ammeter is higher 
than that measured prior to closing the key. 
4.3. If R is the resistance of the whole potentiometer 
and Ry is the resistance of the voltmeter, the total resis- 
tance of section ab of the potentiometer is 


Ry (RI) R it 
Rav = -ay FRZ BORER) O E 


The resistance of section be is equal to R/2. The voltage 
applied to the potentiometer will not be distributed even- 
ly. Since the resistance of ab is less than that of be, the 
voltage applied to the first section is lower than that. ap- 
plied to the second. The higher the resistance of the volt- 
meter, the closer the readings of the voltmeter are to one- 
half of the applied voltage. 
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4.4. Since the voltage applied to the "black box" is pr 
plied by a DC source, it is natural lo assume that t e 
are only resistances inside the "box . The m ce = 
to lower voltage is to use a potentiometer (see the ci 
accompanying the answer). However, there is not a si id 
gle circuit employing only resistances that can raise vol 

tage. As the figure ac- 


1 1 companying the answer 
demonstrates, from the 
i armi- 
p À mi ; voltage applied to te T 
nals Z and 2 one can a 
y —— DE 
2 Lee. 


ways "take" a certain 

fraction, e.g. 127 Ns 

" ^ while the 127 V applied 

Els io terminals 3 and 4 
will yield the same 127 V 
remark (made in the 
of the measuring device 
which always has a finite 
stances in the circuit and, 


on terminals Z and 2. The 
problem) that concerns the role 
is important since a voltmeter, 
resistance, redistributes the resi 
hence, changes the voltages (see Problem 4.3). 

4.5. Let us assume, for the sake of simplicity, that the 
resistances of the two potentiometers are the same. 
When the sliding contact of each potentiometer is in the 
middle, the total resistance of the circuit is R,/2, where 
Ry is the resistance of each potentiometer. If the sliding 
contact of the 


second potentiometer is in the extreme 
(left or right) position, we hav 


T2, connected in parallel 
have no resistance) 
R,/3. The reading 
er than when 
meter was in the midd] 
Thus, when the 
meter is moy 
the readin 
4.6. If 
point a 


act of the second potentio- 
treme position to the other, 
ler pass through a minimum. 


ance of the potentiometer between 
and the sliding contact, the total resistance be- 
tween a 


4 ng contact is rz/ (r 4- x), while the 
resistance of the e [4 act is rz/ (r -+ x), v 


ire circuit is R— x Fral A 2) 
1e current supplied by the DC source is 


T= Uo 
Re ra ay 
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'The potential difference between the sliding contact and 
point a is 


U= Urz 2 Ugrz 
(R—2) (r+ r)+ re Rz—az*-- Rr 


The current passing through the ammeter is 


T. Uor 


a= Ramat Rr ' pend 


To find the extremum, we take the derivative 


da =Uy [me] (4.6.2) 


dz (Rz—2?-+ rz)? ]* 
Nullifying (4.6.2) yields 
z= R/2. (4.6.3) 


If we substitute (4.6.3) into (4.6.1) we find the minimal 
current? 
ve Uor 
Imm CPV URN (r+ R/4) * 


Thus, as the sliding contact is moved, the current 
through the ammeter passes through a minimum, and the 


T/L min 
rA 
Wo 
0.6) 
94 
0.2 
0 0.2 04 06 0.8 10 x/R 


Fig. 4.6 


smaller the r the deeper the minimum. At z = 0 and 
x = R, a current of Imax = Uo/R passes through the am- 
meter. The ratio of Imin to Imax is equal to (r/R) (4 + 
r/R)A. The Iq/Imax vs. t/R curves for several values 
of r/R are shown in the figure accompanying the answer. 
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4.7. The exact value of €, can be determined if one mea- 
sures exactly the potential difference between points a 
and b provided that the current passing through the 
source in question is zero. Thiscan be achieved by selecting 
a proper ratio of resistances between points a and b and 
points b and c using the resistance box. Knowing the re- 
sistance R between points a and b and the current 7, 
measured by the ammeter, we find the sought emf: 


iA 


4.8. Since the currents in the resistors R, and R, are 
the same, we can write 


UAR, = U, pl Rs. 


The charges on capacitors connected in series are the 
Same, which means that 


Usti = Uggla 
Since 


U d Uan =a R /R,, Ual Uig = CalCi, U 


Uan = Von, 
we have 


Ry, = CJC, 


are in inverse ratio. 
iei Where a DC source generates à 
etween points A and B, the solution 
olds true only if th i i Erg 
s e (active) resis itor: 
re infinitely large. MT althe ere 
bt Ea oo remains unchanged on the entire 
ace onp Junction to another. A junction is a point 
| where more than three conductors meet. There 
sections in the fi 
here are n junction 


St law yields n — 4 ; 
here are four ; n. Lm 


ond law is to use loops that do not overlap, namely, 
1-2-3-4-1, 1-4-5-1, 1-5-7-1, and 5-6-7-5. ] ; 
4.10. "There are eight junctions in the circuit. Since Kir- 
chhoff’s first law yields only z — 1 independent equations 
for n junctions, we have seven such " i 
equations. If the circuit is trans- 
formed onto a plane (see the figure SN 
accompanying the answer), there are 
is nonoverlapping loops, while the 
oop 7-4-8-5-] overlaps all other loops 
and therefore can be obtained from A 
these. i : 
441. The current flowing in the Fig. 4.10 
Circuit is J = &/(R + r). The power 
output in the external circuit is 
n 
m m E 

P=PR=6 Tene 
The maximal power output can be found from the condi- 
tion dP/dR = 0, or 

dP = £2 (abet Sopa =0, 
dn (R-+-r) 

Whence R =r. The fact that the resistances are equal 
Means that the power outputs must be equal, too: 


Pr = PR. 
Hence, the efficiency is equal to 0.5. 


4.12. The current is maximal when the circuit is shorted, 
or when the external resistance is zero: 


Ig = bir 


Thus, in both cases the ratio of the emf to the internal 
resistance is the same. 
aximal useful power output (the power output of the 
9Xlernal resistance) is achieved when the exernal resistance 
15 made equal to the internal resistance (see the answer 
to Problem 4.11), that is, when the current is one-half 
W maximal current. This power output is 


eos 
Pese 4r ^" 


Since the ratio £/r is the same in both cases, a double 
Useful power output is achieved at a double electromotive 
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? r equal currents). Note that the internal resistance 
dai irs xen ae be doubled if we want the 

i remain unchanged. 
4.13. "t in one position of the sliding contact the rheo- 
stat has a resistance R, and in the other, a resistanpe 
R., the current is &/(R, +r) in the first case od 
€(R, + r) in the other. Correspondingly, the power x 
put in the external circuit (the same in both cases) i 


p= ER 00 SU 


(RiP S Qu 


Dividing this expression by €? and solving for r, we find 
that 


r-yRR,. 


By hypothesis, in one case R, = zR and in the other, 
R, = (1 — x) R. Whence 


r-Rys(1—z). 


The likely circuit, apparently, consists of a combi- 
nation of cells connected in parallel and in series. There 
are two possibilities here: several paralle 
connected in series or seve 


4.4. 


1 groups of cells 

ral in-series groups of cells con- 

nected in parallel. First, 

u Bae En it can be shown that the 

two variants are equiva- 

lent. Indeed, in the first 

variant, the potentials 

, atthe points a;, ds, 4» 
etc. coincide, i.e. 

Ua, = Ua, = Up= -*" 


the same is true of the 


polentials at the points 


i.e. 
Vig. 4.14 bis Bay by ete, d 
Us = Us, = Ur, = 


Continued. The respective 
and the entire circuit pia 
; o OV 

ll variant. Suppose the 0 
és i S We connect these cells in such à 

at groups of n cells that form m — N/n paralle! 
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This line of re 
points can be 
be transformed 


asoning can be 
interconnected, 


into the second 
ells is N. 


groups are connected in series. In this case the current in 
the external circuit is 
I $n $ Nn 
R-+-rn/m RN-+rn? * 


The power output in the external circuit is 


s n? 
PPR = EVR TRN F mn 


To find the maximal value, we nullify the derivative of 
P with respect to n: 


dP 26?N?n TN 
Mo UU C cen 


Whence 
n= VRNIr. (4.14.1) 


But this does not solve the problem completely. The num- 
ber z should be one of the cofactors of NV. To find a practic- 
al value of n, we must compare the power outputs for 
two values of n that are closest to the one given by 
(4.14.1), that is, one must be smaller than the calculated 
value and the other must be greater, and yet the two must 
be cofactors of N. Here is an example. Suppose N = 
400, R= 16 Q and r — 9 9. The calculated value is 


"A00 x 16 e 
na XE = 26.7. 


The closest cofactors of NV are 25 and 40. In this example 
the greater power output is ab n = 25. Thus, the circuit 
consists of 16 parallel groups of 25 cells connected in 
Series in each group. 

4.15. Since the displacement current is defined as 


dD 
lus— Gr? 


after performing certain manipulations we can write 
e dU dQ 


Jas] dr at’ 
Where Q is the charge on the capacitor. Thus, the displace- 
Ment current may be made constant over à definite time 
interval if the capacitor is charged (or discharged) by 
a direct current. For this in the circuit of the capacitor 
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ic restricts the 

i rged we must have a device that restui s the 

de acd through it within broad. voltage pom 

(Ci ure (a)). A diode operating in the ND ee 

jus serve as such a device. For the cast n n e ie 

valve (or diode) the appropriate circ m a 3 an ee 
ure (b), while for the case of a semiconducto 


a b a b 

Current limiter 

(a) (b) 
is 
K ) t zie 
ü b 
no t 
(c) (d) 


Fig. 4.15 


cuit is shown in Fig 


ure (c). The diode is introduced into 
the circuit in the cut-off direction, and the voltage across 
the diode is 


U, 9$, — Uo. 


As long as Ua remains within the satur 
current through the diode (and, hence, ee 
rent) remains constant. The displacement current em 
constant in the Process. Afler a certain time interva- 
(the lower the charging current the longer the 
interval), the charpj Trent rapidly falls off to zero. 
The time dependence of tI 


he displacement current is illu- 
ated schematically in 


Figure (d) A 
T time the capacitor voltage i$ 
Top across the resistor; 


U — Im, 


ation region, the 
the charging cur- 


equal to the Potential d 
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Bearing in mind that U = Q/C and I = —dQ/dt (the 
minus sign shows that the capacitor’s charge decreases), 
we get 


d. do 
$c at 
or 
eB eese di, (4.16.4) 


Integrating (4.16.1) from the initial charge Qo to Q and 
from the initial moment ¢ = 0 to time t, we get 


t t 
Q —Qy,exp (- a) =U,C exp (7) 2 
Accordingly, the current varies with time as follows: 
t 
I —Iyexp (3) (4.16.2) 


with 7, = U,/R. Taking logs, we can write (4.10.2) as 
follows 
1 
In 7 — 1n 7,— (az) ts 

Thus, the time dependence of In J is represented by a 
straight line with a nega- 
live slope, whose absolute ui 
value is 1/RC. The resist- 
ance R determines the 
Current, at, the first moment 

of discharge and the initial 
Capacitor voltage, which is 


equal to the emf of the  ? t 
Source. The value of A de- 
termined in this manner Tig. 4.16 


and the slope of the straight 
line fix the value of C. J 
417, As shown in the answer to Problem 4.16, the 


discharge current varies with time as 
1 
I= I exp (^32): or InJ=InJ,— (az) t. 


Initially, i = nts are the same (see 
ally, i.e. at ¢ = 0, both curre i d 
the figure accompanying the problem). For a fixed capaci 
lance C this is possible if the other two parameters, 
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and K, change simultaneously. Since by hypothesis only 
one parameter changes, we conclude that the capacitance 
C varies. The fact that the slope of the straight line repre- 
senting the In J vs. £ dependence decreases means that the 
capacitance C increases. 

4.18. The time variation of the current proceeds as fol- 
lows: 


1n 7 — In 1— (x) $. 


The fact that the two straight lines, Z and 2, are parallel 
indicates that the product RC must be constant. Since 
by hypothesis the discharge processes differ only in the 
value of one parameter, both R and C remain constant. 
What is different is the initial capacitor voltage, and since 
for straight line Z the initial current is higher than for 
straight line 2, so is the initial capacitor voltage. 

4.19. The current flowing through the resistor with rc- 


sistance R will generate during a time interval dé the fol- 
lowing amount of heat: 


dg = I?Rqt(. 


The time variation of the discharge current of the ca- 
pacitor is 


Thus, 


Integrating this expression with respect to ¢ from t = 
lo t= œ, we get 


q = PRC/2. (4.19 4) 


AL the first moment the discharge current is 


le = UR; (4.19.2) 


Substituting (4.19.2) into 


4.19.1 i initial 
energy stored by the A omer 


ed capacitor: 
q = U;CI2. 

4.20. Accordin 

ment of time th 


222 


g to Kirchhoff's second law, at each. mo- 
e emf of the DC source is equal to the sum 


of the potential drop across the resistor and the capacitor 
voltage: 


£ —IR-- U. 
Bearing in mind that 7 = dQ/dt and U = Q/C, we get 
e 'dQ Q i —. 1 
6—R-a--d-c» T ye — nC dt. 


Integration from Q = 0 to Q and from 7 = 0 to t and ap- 
propriate transformations yield 


Q—£C E exp ( se) ) 


whence 


1—35exp (37) ^1 ex» (— 32) 


The amount of heat generated by the current in the re- 
sistor R in the course of dt is 


; —— 21 
dg — I2R dt = IÈR exp (=r) 
Integration from 4 = 0 to t = œ yields 
q = IẸR?CI2 = €C/2. 


The same amount of energy is stored by the capacitor 
when the latter is charged to a voltage equal to the 
source’s emf. The total energy used up by the source, 


| £I dt — £I, | en MRC) dt, 
0 0 


is equal to °C, which is the sum of two equal quanti- 
ties 6°C/2. 
4.21. The energy stored by a charged capacitor can be 
written in the form 

W, = QY2C. 
After the second (uncharged) capacitor is connected to 
the first, the total charge does not change while the capac- 
itance doubles. Thus, the total energy stored by this 
system becomes 


W = @/AC, 
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which is one-half of the initial energy. So where did oe 
other half go to? As the charge is redistributed i rper 
the two capacitors, a current flows through the cont Nod Es 
connecting them and generates heat. In addition, there d 
always a magnetic field around a conductor with current, 
and this magnetic field carries energy, just as an electric 
field does. If the resistance of the conductors is low (zero 
in the case of superconductors), the difference between 
the initial and the final energy will go to the magnetic 
field. Eventually the second capacitor will become fully 
charged while the first capacitor will become completely 
discharged and the current will cease. Then the secont 
capacitor will begin to discharge, and charge will flow 
to the first capacitor. This process will continue, thal is, 
there will appear electromagnetic oscillations in which 
the energy will alternate between that of the electric field 
and that of the magnetic. 

4.22. For an electron that is inside the disk at a distance 
r from the axis to move along a circle, there should be à 


1g 
force pulling it to the axis. According to Newton 8 
second law, 


F = mor. 


This force is generated by a radial electric field caused by 
the redistribution of the electrons in the disk and is such 
that the force acting on the electron is 


F = eE = mor, 
If we substitute —dq/dt for E and integrate from Pı 


Lo Pa and from O to R, where R is the radius of the disk: 
we get 


0 


As a result, we get the potential difference between the 
center of the disk and the edge: 


U= —o — PR _ m? 4.22.1) 

Pi — Pa 98 oe ( 
where v is the linear velocity of points at the edge of the 
disk. Theoretically formula (4.22.1) can be used to deter- 
mine the electron’s charge-to-mass ratio. But actually 
this constitut 


es a problem, as shown by an estimate o 


ihe potential difference between the axis and the edge. 
The electron charge is 1.6 x 107°C and the electron 
mass is 9.1 x 10t kg. We set the electron linear veloci- 
ly on the edge at 300 m/s. The potential difference then 
proves Lo be less than 10-? V. lt is extremely difficult 
lo measure such a quantity in such a rotating system. 
4.23. Moving together with the cylinder, the electrons 
in the wire have a momentum mv each. When the cylin- 
der is braked, the electrons continue to move, but the 
generated potential difference creates a braking electric 
field of strength Æ. The force acting on every electron in 
the wire is 


F — eUll, 


with U the instantaneous potential dillerence. According 
to Newton’s second law, 
t 


e 
gAmv— 7 j U dt, 
0 


where Amv is the momentum lost by an electron during 
the entire braking time, which quantity is equal to the 
initial momentum mv. The charge-to-mass ratio for the 
electron is then 


e vl 


r 
f Ude 
0 


The integral in the denominator can be evaluated by cal- 
culating the area under the voltage oscillogram. 
4.24. The heating of the conductor will result in the elec- 
tron diffusing into the neighborhood of section ab, 
With the potential of the conductor somewhat increasing. 
The current flowing in the conductor will have to overcome 
à potential barrier at point a. This requires additional 
energy, which will be taken from the metal. On the other 
hand, when passing through the conductor at point b, 
the current goes to a region with a lower potential, and 
in this place energy will be released to the metal. As a re- 
sult, the point where the temperature is at a maximum 
Will shift in the direction of current flow. | 

-25. Prior to cooling, the resistance of the wire was the 
same over the entire length of the wire (precisely, the 
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resistivity was the same at all points of the wire). When 
the fan is switched on, the resistance of the section that is 
being cooled will lower. This leads to a redistribution of 
the potential between the cooled and uncooled sections, 
with the greater voltage applied to the latter section, as a 
result of which ils temperature increases. This phenome- 
non is enhanced by the fact that the resistance of the un- 
cooled section somewhal grows with temperature, which 
leads to a still greater inhomogeneity in the distribution 
of the potential in both sections. 

4.26. The resistances of bulbs with the same rated volt- 
age are ininverse proportion to the rated watllages. Hence, 
the resistance of the bulb with the lower wattage is six 
times the resistance of the bulb with the higher wattage. 
When the bulbs are connected in series with the DC 
source, the current isthe same and six-sevenths of the total 
voltage of 220 V, or 189 V, is applied to the first (25 W) 
bulb and one-seventh, to the second (150 W) bulb. Actu- 
ally the difference is still greater because the resistance 


of the first bulb will increase due to overheating, while 


that of the second will decrease. Hence, the 25-W bulb 
must burn out. i 


4.27. An increase in voltage will lead to an increase in 
the currents passing through the conductor and semicon- 
dq and this will lead to an increase in temperature 
s A "ex the resistance of the conductor will 
mem —_ : hs the semiconductor will decrease. 
renis aig enl t rough the semiconductor will increase 
eg s n proportion to the voltage, while the cur- 
s pongi the conductor will increase lesser than in 
Sete ion to the applied voltage, with the result that 
m ipiis in the semiconductor circuit will register à 
E prn than the ammeter in the conductor circuit. 
toin Give, ee in vollage, the resistances of 
the voltage is Cile the conductor were equal. When 
melle a m MA, the current in the circuit in- 
ductor ‘anid, eotuste oes tuo temperatures of the semicon- 
tance of the snemamo ont y a drop in the pos 
lance of the conductor The an increase in the resis- 
conductor and conductor ‘ill voltage between me 
ner that the volt will redistribute in such a man- 
reoi x a meter connected to the conductor will 
egister a higher volt 


the semiconductor, ge than the voltmeter connected to 
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4.29, "l'heclectrons leaving the filament, or cathode, cre- 
ale a negalive space charge whose field does not let 
all the emitted electrons into the region. According to the 
Child-Langmuir theory developed for parallel plane elec- 
trodes on the assumption that the initial velocity of the 
electrons is zero, the current density between the elec- 


trodes is 
. | 4yà3e e Us 
jaan fe 


md? 


(the three-halves power law). Here e and m are the elec- 
tron charge and electron mass, U is the voltage drop ac- 
ross the electrodes, and d is the distance between tho elec- 
trodes. On the current-voltage characteristic, the initial 
segment of the curve agrees with the three-halves power 
law. Then, as the electron cloud is dissipated, the current 
gradually reaches a plateau and saturation sets in, with 
the saturation current being the total flux of electrons 
that the cathode can deliver at a given temperature. The 
temperature dependence of the current densily is given 
by the Richardson-Dushman equation 


hacc Tip (1). 


The quantity P in the numerator of the exponent is the 
so-called work function, or the work that an electron must 
do to leave the metal. The other quantities in the equa- 
lion are as follows: 7' the thermodynamic temperature, k 
the Boltzmann constant, A’ = 6.02 x 105 A/m?.K? is 
à constant that is a combination of universal constants. 
The difference in the curves in the figure accompanying 
the problem lies in the temperature of the cathode, which 
is higher for curve 2. 

4.3 . When thermoelectric current flows from the cathode 
lo the anode, the electrons leaving the cathode carry 
away an energy required for overcoming the potential 
barrier that exists at the metal-vacuum interface (the work 
function of the electrons), with the result that the cath- 
ode cools off. To maintain a constant cathode temperature, 
the filament current must be increased. 

4.31. When the potential difference between the elec- 
trodes is nil, the concentration of positive and negative ions 
(cations and anions) is the same in practically the entire 
volume. When an external voltage is applied, a current 
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; i P oat and 
generated by the motions of cations vd apa ei 
anions to the anode begins to flow in the e s 
a result, the regions near the electrodes iden a Cati- 
depleted of ions whose sign is that of the ei S a 
ons leave the anode and anions leave the cat P i A 
this reason, near the anode an excess of ee 
formed, while an excess of positive charge is tp cn 
the region near the cathode. All this leads to a ¢ n Pad 
in the electric field. The enhanced field near the electro sh 
imparts an enhanced velocity to the ions. This Uim 
the flow of current under lower charge carrier concentré 

ns. 
432. The sign of the volume charge is determined by toe 
direction of convexity of the U vs. z curve.* The iu: 
charge is positive where the curve is convex upward ae 
negative where the curve is convex downward, while ie 2 
volume charge is nil where the U vs. z dependence is Ie. 
presented by a straight line. Hence, the entire region is 
tween the cathode and the anode is divided, within the 
first approximation (i.e. ignoring certain details), into 
the cathode space (from point 0 to point Z in the figure 
accompanying the problem) witha surplus positive charge, 
the Faraday dark space (from point Z to point 2) 
with a negative charge, and the region of the “positive 
column” (from point 2 to point 3), which constitutes 3 
plasma with practically equal concentrations of clec- 
trons and positive ions and, hence, with a net charge 
that is practically nil. 

* See Problems 3.28 and 3.29, 
4.33. 


The conduction-current 
formula 


density is given by the 


j=e » Dy Z,, (4.83.1) 
h 

Where e is the magnitude (without taking into account 
the sign) of the elementary charge (the electron charge); 
ny the concentration of the given type of charge carniers; 
ur the average directional velocity of the carriers, anc 
& the charge number, or valence, of the carriers. ror 
an electron Z = — » While for a positive doubly charge’ 
lon (say, Het) z = +2. Electron velocities exceed ion 
velocities by a factor of 10 or even 100, with the result that 
even at equa] Concentrations the electron current i$ 
much stronger than the ion current. Since in an electric 
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field electrons and ions move in opposite directions, we 
can assume that the electron velocity is negative if the 
ion velocity is set positive. Since the number Z for elec- 
trons is negalive, the signs of the products in (4.33.1) 
coincide, with the result that the ammeter in the gas dis- 
charge gap circuit will register the total current of 
electrons and ions. 

4.94. As the particle moves from the anode to the Fara- 
day cylinder, the field in the region between A and F 
constantly changes. When the particle leaves the anode 
(through the aperture) and is moving toward the Faraday 


A t; F 


Fig. 4.34 


cylinder, it induces positive charges on these electrodes, 
and the magnitude of these charges constantly changes. 
The density of these charges on the anode decreases while 
that on the Faraday cylinder increases (the variation in 
the distribution of electric charge for three moments in 
lime is shown in the figure accompanying the answer). 
l'or this reason, in the region of space between A and F 
there appears a continuous displacement current, which 
means that an exact replica of this current appears in the 
ircuit. The current in the circuit can be graphically ro- 
presented as a consequence of the fact that in approach- 
ing the Faraday cylinder the particle repels, so to say, 
the electrons which, in effect, move toward the anode 
through the measuring device G. Thus, the current in the 
circuil exists during the entire time of motion of the par- 
licle between the anode and the Faraday cylinder, as 
shown in Figure (c) accompanying the problem. 

4.35. Iftwo metals are brought into contact, the limiting 
energies of the electrons will establish themselves at a 
common level (the common Fermi level; see the figure 
accompanying the answer). The difference between the 
height of a potential barrier and the Fermi level deter- 
mines the external work function eq. The difference between 
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the two work functions (for the two barriers) i p 
the external contact potential difference. To — ol P 
electron from the surface of metal A DA suo e " 
i D " i t H n deu € 
metal Z requires mde ^ "M Lye E o 
the levels of minimal electron 
energy in the metals deter- 
mines the internal contact po- 
tential difference AWy. Ac- 
cording to the quantum theory 
Fig. 4.35 of metals, the Fermi level 
at OK is pinned at (h2/2m) x 
(3n/n)*P, where h is the Planck constant, m the wed 
mass, and n the electron concentration in a mela ^ 
Hence, the concentration of electrons in metal Z is higher . 
4.36. The concentration of electrons whose energy ranges 
from W to W -+ AW is 


dr = f (W) dw = CWqW, 
in accordance with Eq. (4.36.1). 
sion from zero to the limiting e 
centration of electrons in the e 
Wp 
n=C Vwusaw = Zew}, 
0 
Hence, Wy oc n2/3, As is 
of metals, Wy is giv 
due regard for univ 


Integrating this ex pres- 
nergy, we obtain the con- 
ntire energy range: 


proved in the quantum theory 
en by the following formula (with 
ersal constants): 
h? [ 3n \2/3 
ia 1222 MP 
4.37. The electrical cond 
of a semiconductor de 
the Tollowing law: 


uctivity (specific conductance) 
pends on temperature according Lo 


: Ww " = Ww 
= oep (~) or Ing Ino, — — 
where W is the width o. 


s T the forbidden band. This law im- 
plies that the wide 


r the forbidden band, the sleeper the 
straight line representing the In o vs. T- dependence. 
Hence, Semiconductor 7 has a wider forbidden band. 
4.38. Since the upper sections of the curves for the two 
Semiconductors coincide and the slopes of the lower sec- 
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tions are smaller than those of the upper, the intrinsic 
conductivities are the same. Also, since the lower sections 
of the curves slope in the same manner (i.e. the slopes are 
equal), the width of the forbidden band for the impuri- 
ties is the same for both semiconductors. Thus, these dia- 
grams can be interpreted as a characteristic of impurity 
semiconductors with different concentrations of the same 
impurilies. For a fixed temperature, a higher conductivity 
corresponds to a higher located characteristic, 7, and, 
hence, a higher concentration of impurities. 

4.39. The diffusion of electrons from an n-type semicon- 
ductor into a p-type one and of holes from the p-type 
semiconductor to the n-type one leads to the appearance 
of a positive potential on the n-type semiconductor 
(the left branch of curve 0) and a negative potential on the 
p-type semiconductor (the right branch of the same 
curve). If we now apply a positive potential to the n-type 
semiconductor and a negative potential to the p-type, 
the potential difference between the two semiconductors 
will increase (curve Z), whence the boundary between the 
two semiconductors is depleted of charge carries as a re- 
sult of electrons being drained to the n-type semiconduc- 
tor and holes, to the p-type. Such a direction of the po- 
tential difference is the cut-off one. When the external 
voltage is applied in the reverse direction (curve 2), the 
potential difference lowers, and it proves easier for the 
electrons to move to the p-type semiconductor and the 
holes, to the n-type. This direction is the conducting one. 
4.40. Every semiconductor possesses intrinsic conduc- 
tion in addition to extrinsic (or impurity) conduction. In- 
trinsic conduction is caused by the transfer of electrons 
from the valence band to the conduction band and by 
simultaneous formation of holes in the valence band. In- 
trinsic conduction is of a mixed nature for this reason, and 
because of this the n-type semiconductor carries a small 
number of holes while the p-type semiconductor carriesa 
small number of electrons. When a voltage is applied in 
the cut-off direction, these charge carriers constitute 
the so-called reverse current. As the temperature of a 
semiconductor diode is increased, the electron and hole 
concentrations grow, as a result of which conductivity in 
the cut-off direction grows, loo. The reverse current 
reaches a plateau when practically all the “alien” charge 
carriers (holes in the n-type semiconductor and electrons in 
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the p-type) participate. Usually this current is several or- 
ders of magnitude less than the direct current, with the 
plateau reached at relatively high voltages. The direct 
current grows with voltage very rapidly, since as the vol- 
tage is increased, it becomes easier for the charge carriers 
to pass through the junction. 
4.41. Let us suppose that there is a small deviation front 
the state with o = 1. If c drops at point a, the number of 
electrons impinging on the surface is smaller than the 
number of electrons leaving the surface, with the surface 
acquiring a negative potential, which brings down O 
still further. And this leads to a further increase in the 
negative potential. The process continues until the cur- 
rent of primary electrons becomes totally cut off. If at 
the same point the value of o increases somewhat, the 
surface acquires a positive potential, the velocity of 
the electrons increases, and the current continues to 
grow, which leads to an increase in o, up to the maxi- 
mum on the curve, and then to point b, where o = 1, 
Just as at point a. Similar reasoning leads us to the con- 
clusion that small variations in 6 at point b change the 
potential of the surface in such a way that c returns to 
its initial value o= 1. Thus, point a corresponds to an 
unstable state, while point b corresponds to a stable state- 
For a small deviation from the state of equilibrium 
corresponding to point a, the surface acquires a potential 
that either completely cuts off the current of the primary 
ae or corresponds to that at point b. 
fed Tip ar a electrons retain practically all their 
fase ac £y and, hence, correspond to curve 2 in the 
accompanying the problem. Secondary electrons, 


vite eae freed from the solid bombarded 
j Ty electrons at the ex "sy 
of the primary electrons, a des emule ers 


; nd this energy is distributed 
REG tha emitted electrons. Tho "d of the latter 
electrons (eie i less than that of the primary 
velocities that over, while all the reflected electrons have 
and have ener iun ie Sgr ce within a narrow interval 
the Boule cic Close to those of the primary electrons, 
lies. The "tru Sectrons form a broad spectrum of veloci- 
curve 7 in the secondary electrons are represented by 

1e figure accompanying the problem. 
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5. Electromagnetism 


5.1. Ifweuse the right-hand screw rule, we will find that 
both in region 7 and in region JZ the directions of the 
magnetic induction vectors coincide and the resultant 
induction may vanish only at infinity. The same rule 
shows that only in region JZ can the magnetic induction 
vectors point in opposite directions (i.e. the induction 
created by the two currents), with the resultant induc- 
lion vanishing somewhere inside 77. If a is the distance se- 
parating the conductors, then the distance x from a con- 
ductor carrying the current J, to the point where the induc- 
tion is zero can be found from the equation 


Hoi Hopla zi 
2 2n (a— 2) 
Hence, 
Ii 
t= THs x 


5.2. If we use the right-hand screw rule, we will es- 
tablish that. the magnetic induction can vanish only in 
Sectors J and ZIT. If y is the distance from a certain point 
Hw the conductor carrying 
Win DEEBRE T, to the point 
is d the magnetic induction 
zero, and wis the distance 
Food this point to the con- 
I Qr carrying the current 
2; then 


Hott _ pu 

ny 2ur C 
Eisen —— 
ence, (he locus of points rig. 5.2 


Wher, 
is "e the magnetic induction 
of inte is the straight line that p 
y — (trseclion of the conductors 
B, a) a. 
condi the magnetic inductions gen 
resp, lor with a current and a circular con 

j Pectively 

ys 


asses through the point 
and whose equation 15 


erated by a straight 
ductor are, 


INI 
B IER. aud p= t 
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In the case corresponding to Figure (b), the dirscuious af 
the two induction vectors coincide, while in the case co 
responding to Figure (c) they are opposite. ‘Thus, 


unl | 1 
BEL, puc BEL (14 4), 


2r 2r 
pos Bad (Q0 04d 
B.= 2r a ) 
whence 1 
By = 741 p, ann, B, =L p, 0.68 B,. 


5.4. If the distance from the middle conductor to each 
of the other two conductors and to the point where we 
wish to determine the field 
is a, the magnetic field gen- 
erated by each outer conduc- 
lor at this point is 


n 


2na V 2 


Using the right-hand screw 
rule, we find that the vectors 
of the magnetic fields gen- 
erated by the outer conductors 
90°, so that the resultant, mag- 


are directed at an angle of 
netic field strength is 


Ha Vin, d 
| am VER d. 
with the vector representing this resultant directed paral- 
lel to the Jine passing through the conductors. Employing 
the same rule, 


we will find that the magnetic field Hs 
generated by the middle 


[ b conductor points in the direc- 
lion opposite to the one of the resultant H,» with Hy” 
I?xa, that is, |], Uu 


$ Ts | = | Hia |. Thus, the resultant 
of all three fields is zèro. s i 
5.5. 


eclor is always directed 
of force (for each of the four con- 
is a circle in the plane of the draw- 
mpanying the answer shows; n 
discal ad 3 erated by currents I, and f4 ge 

eC along the diagonal of the square from the conduc 
to the conductor carrying 74. Reasoning 
Same line, we conclude that the magnetic M 


ductions generaled by currents p and /, are directe 
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along the diagonal of the square from the conductor car- 
rying J, to the conductor carrying 7,. The resultant induc- 


tion of the magnetic field ge- 
nerated by all four currents, 
or the geometric sum of the 
magnetic induction — vectors 
of the four currents, lies in 
the plane of the drawing and 
points from right to left. 

5.6. The presence of a maxi- 
mum in the middle between 
the conductors suggests that 


the currents in the conductors `s wo 
are flowing in opposite direc- Vig. 5.5 
tions and that, the currents PEN 

are equal in magnitude. Al- lo \ 
lowing for the direction of VA 

the induction vector at point "á N x 
M and employing the right- (6 /) 

hand screw rule (see the figure M^ 
accompanying the answer), Fig. 5.6 


we conclude that 
upper conductor th 
reader and in the 


ON 
ee ` 
© 


Fig. 5.7 


in the 
e current is directed toward the 
lower, away from the reader. 
5.7. At the point that lies in the 
middle between the conductors the 
induction is zero, which means 
that both currents flow in the same 
direction. Employing the right- 
hand screw rule, we can determine 
the direction of the magnetic in- 
duction vector in the region to the 
right of the conductors for both 
possible directions of current. As 
the figure accompanying the prob- 
lem shows, the induction vector to 
the right of the conductors is direct- 
ed upward. Hence, the currents 
are flowing toward the reader (sce 


the figure accompanying the answer). At a distance x 
from point M the induction is 


Mol. 
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The derivative 


= ES a [24- T 


vanishes at v = a/2. It is at this distance that B is maxi- 
mal, with Bmax = pu/xa. 


solenoid 
5.8. The induction in the middle of a very long — 
depends only on the number of ümpere-Lurns per Tong, 
length of solenoid. Suppose that we have two very 


t 2 


den 


Fig. 5.8 


similar solenoids with equal ampere-turns per unit pe is 
and that these solenoids are Placed far apart. We — 
the induction in the middle of a solenoid by By, and rind 
at an end face, by Be. Let us bring these two "c: 
logether in such a manner that the directions o 


PR solenoids form 
magnetic inductions coincide and that the qwe s 
a new long solenoid. At the point where the two soler 
touch (the right 


end face of the left solenoid touches Ls 
left end face of the tight solenoid), the two induction v 


sh induction 
tors Ber add up and form the lotal field with n 
Bus But this Point is simply the middle of the new * 
lenoid, where the i 


induction, as we already know, is Pm: 
Thus, Bm = 2B, ;. 
5.9. Employing the left-h 
force acting on the side of ( 
lor and closest lo it is ¢ 


and rule, we will find po 
he loop parallel to the Bon r 
lirected toward the conilugtor 
while the force acting on the opposite side of the Hop px 
rallel to the conductor and farthest from it is MM. 
away from the conductor, Since the first force is gremo 
in magnitude, the loop moves toward the contuan 
Employing the same rule once more, we will see that the 


1 cdi j^ 
Torce acling on the upper side of the loop is directed ue” 
ward while that acting on the lower side of the loop 1 op 
rected downward, Thus, the forces tend to pull the ecl 
apart, that is, to increase the area subtended by the loc 
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This will actually happen if the material of the loop is 
elastic. 

The answer to the question can be obtained from a more 
general reasoning. The work done in the process of displac- 
ing a loop carrying a current in a magnetic field is A — 
IAY, where AV is the increment of the magnetic flux 
coupled with the loop. The loop tends to move or change 
its form in such a manner that the magnetic flux coupled 
with it acquires the greatest possible value. The flux is 
assumed to be positive if inside the loop it coincides in 
direction with the flux created by the current in the loop. 
In allowing for the various changes in the flux coupled 
with the loop one must take into account the changes that 
are due to the changes in the shape of the loop. In the 
case at hand the direction of the magnetic flux created by 
the current in the straight conductor and that of the mag- 
netic flux created by the current in the loop coincide, and 
Since the induction of the field created by the current in 
the straight conductor increases as we move closer to the 
conductor, this will lead to a certain displacement of 
the loop. The fact that the square loop transforms into a 
circle as the loop’s area increases also leads to an in- 
crease in both the outer and inner magnetic fluxes. 
5.10. Both a torque and a force act on the loop. The di- 
rection of the torque is determined by the fact that the 
Positive normal to the plane of the loop must point in the 
direction of the induction of the external field. The right- 
hand serew rule is used to determine the positive di- 
rection of this normal, which therefore coincides with the 
direction of the magnetic field of the loop proper. In ac- 
cord with the direction of the current in the loop, the pos- 
itive normal points upward. In the external field the loop 
turns counterclockwise, with the magnetic field generated 
by the current flowing in the loop coinciding in direction 
with the external magnetic field. The direction of the force 
acting on the loop is determined by the nature of the 
inhomogeneity of the external field. Since a loop carry- 
ig a current and placed in an external magnetic field 
Moves in such a manner thal the magnetic flux coupled 
With it attains the maximal possible value (in the algeb- 


raic sense), when the directions of the external ai, the 
intrinsic flux coincide, the motion occurs 1n the [ zo 
tion of the field with thehigher induction, which in the 


fase at hand means from left to right. 
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E ONT NE " 
5.41. Asimilar question has been considered iñ ; mion 
59 “Although in this case no external magnetic n. 
Pedum the contour may influence. the dug em da 
fis flux coupled with it by changing its mera hhc! Fo, 
area and, hence, the flux through the somone d i DARU e 
when the cantor as in s Torm ok a iiis, tp x sn 
1 ing on the contour ter L eal 
mos ee manner. We can arrive al the pes a iq 
sion by considering the interaction of Wen capell 
the contour that are opposite to each other. The g am 
that flow in these elements tend lo move the prego 
apart, since they flow in opposite directions. i. 
lection of all such forces tends to stretch the contot E 
3.12. The following force acts on a contour a ig a 
current and placed in a nonuniform magnetic field wil 


the directions of the line 
With those of the field gen 
contour: F= p 


8 of force of this field coinciding 


erated by the current in the 
mdr 


In the case at hand 
of the derivative d 
the solenoid, The i 
finite length is giv 
companying the 


; the force is determined by the emp 
Bldr at different points of the fiel ha 
nduction of the field of a solenoid o a 
en by the formulat (see Figure (a) ac 


answer) 
12.1 
Be. sin 04,— sin o). (5.12.1) 
i : ^ s " can 
After Simple transformations, the derivative dB/dr ct 
be written as 


4B WIN, 1 : 

UO XH OUT PRUIDSER-— yy" 
(PEP TEA leen 
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Formula (5.12.2) shows that d5/dr is nonpositive for 
r > 0. This means that the force acting on the contour is 
attractive (in Figure (a) this force points from right to 
left). 

At r = 0 we have dB/dr = 0, with the result that at 
point 7 the force is zero. This also follows from the fact 
that point Z in the middle of the solenoid is the equilib- 
rium point of the contour positioned inside the solenoid. 
At point 2 (r — a), 


dB Hol No 1 j 5 49 
dr 2k [rmn 1]. (5.12.3) 


while at point à (r = 2a), 


dB Hol No $ 1 id 
dr 2r [ UF IRP (FARY ] (5.12.4) 
Comparison of (5.12.3) and (5.12.4) shows that the numer- 
ical value of the derivative is greater at point 2 than at 
point 8. It can also be verified that at all points outside 
the solenoid the attractive force (if the direction of the 
current in the contour is opposite to that of the current 
in the solenoid, the force is repulsive) is smaller than at 
an end face of the solenoid, and decreases as the dis- 
tance from the solenoid grows. 

Formula (5.12.1) can be obtained in the following manner 

(see Figure (b) accompanying the answer). The element dz 

of the length of the solenoid contains Nọ dz turns (with A, 


the number of turns per unit length). The induction at point 
A generated by the current flowing in these turns is 
IN,dz R dp 


gm Hu Ae 
(B= z2 à 


where R dq is the element of length of the turn subtended 
by an angle dq. The projection of dB on the solenoid axis is 


pol Ndz Rdg cos œ. (5.12.5) 


dB, = 
The perpendicular component of dB is compensated by the 
induction generated by the symmetric elements of the same 
turn. Expressing all quantities in terms of angle œ and the 
solenoid radius R, we get 
R R 


= r—z=Rtana, dr= ———— da 
= cosa’ $ cos? q 


Substituting all this into (5.12.5), we find that 
dB, — — Hol No dq cos « da, 
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hi i 5 {ter we integrate from 0 to 
po e] E t A iim: A lo a with respect ie he 
5.13. Initially the external magnetic flux coupled jon 
the contour is zero. In tending to increase this e. , ko. 
contour moves in such a manner that (a) the magnon ju 
ment vector associated with the contour aligns wit 4 v^ 
induction vector of the external field and (b) connus 
moves into the region of higher induction after the a ig T 
ment is completed. Under the given directions of uon 
rents, the induction generated by the solenoid is ps 
from right to left and the magnetic moment vector o > 
contour is directed upward. Thus, the contour rotates 
counterclockwise and moves toward the solenoid. If the 
direction of current in the contour is opposite to the one 
shown in the figure accompanying the problem, the con- 
tour rotates clockwise and also moves toward the sole- 
noid. ii 
9.14. Contour 2 is ina nonuniform magnetic field. 
the current in this contour flows in the same direction S 
the currents in contours 7 and 2, contour 2 is attractet 
to the other two contours. If it is dellected from the 
state of equilibrium in some direction, then from this di- 
rection there acts on it an attractive force that is grealer 
than the other attractive force (since contour 2 is nd 
nonuniform magnetic field), and this means that it wil 
move in that direction and will be drawn closer to the 
corresponding contour. If the current in contour 2 flows 


in the direction opposite to that of the currents in con- 
tours Z and 8, then it 


State of stable equilibrium, 
from both directions. 


into such a position 
: the current in contour 2 coin- 
cide with that of the currents in contours 7 and 3. When 
the first case. m 
avior of contour 2, we see that 1! 
both cases the instability manifests itself through a gen- 
eral rule, according to which a contour moves in an eX- 
ternal field or ch its form in such a manner that the 


magnetic flux coupled with the contour acquires maxima 


value. 
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5.45. The work performed in moving a contour carrying 
a current is equal to A =T (VW, — V). If the flux coupl- 
ed with the contour whose position is changed is initial- 
ly W,, then upon rotating the plane of the contour by 
180? this flux becomes —WV,;, upon rotating the plane by 
90? it drops to zero, and upon moving the contour whose 
position is changed away from the fixed contour the flux 
decreases but does not become zero. Thus, in the first 
case A, = —2IW,, in the second A, = —7WV,, and in the 
third A, = —Z (Y, — Y), where V, is the flux coupled 
with the contour upon moving the mobile contour away 
from the fixed contour. The minus that is present in each 
formula shows that the work must be done against tho 
interaction of the contours. 

5.16. The velocity of each particle may be decomposed 
inlo two components, one pointing along the induction 
vector, and the other at right angles to the induction vec- 
tor. The component directed along the field does not 
change since the Lorentz force affects only the component 
that is perpendicular to the field. If we denote this latter 
component by v, the Lorentz force is 


F = B. (5.16.1) 


This force, which is perpendicular both to the velocity 
of a charged particle and to the induction vector, imparts 
a normal acceleration to the particle in question, with 
the equation of motion of the particle in the direction 
perpendicular to the field being 


mvi/R = ev, B. (5.16.2) 


Combining (5.16.1) with (5.16.2), we can determine the 
radius of the circle along which the particle moves and 
the time it takes the particle to complete one circle (which 
does not depend on the velocity). In the course of the 
same time interval, T, the particle also moves along the 
field by a distance k = vjT, where vjj is the component 
of the velocity along the field. The result is the motion 
of the particle along a helical line with radius R and lead 
h. Since for an initial velocity v and an angle œ the lon- 
gitudinal component of the velocity is v = V CoS a 
and the transverse component is 7, =V sin œ, the trajec- 
tory of the particle with the larger angle œ has a greater 
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radius and a smaller lead of the helical line. 
5.17. An electron accelerated by a potential difference 
U acquires kinetic energy 

mv?/2 = eU. (5.17.1) 


The force acting on the electron in a magnetic field is the 
Lorentz force 


F — evB, 


which makes the electron move along a circular arc whose 
radius is R, so that, according to Newton's second law, 


m?/R = eB. (5.17.2) 


The induction of the magnetic field generated by the cur- 
rent in the solenoid is 


B = JIN, (5.47.3) 


Excluding velocity v from Eqs. (5.17.1) and (5.17.2) and 
substituting the value of B from (5.17.3), we find the 
sought-for charge-to-mass ratio: 


e 2U 

m — WENNS O 
9.18. The electric fie 
Tected at right an 
P. = QE = Q 
the particle is 


ld vector inside the capacitor is di- 
gles to the capacitor plates. The force 
U/l with which the electric field acts on 
directed in the same manner. A force equa 


vector must i electric 
field. As we h st be perpendicular to the 


ave said earlier, th f must be 
equal: QU/] = QUB, or er e two forces 


B = Ul(wl). (5.18.1) 


The veloci " . . " d 
can ldem the particle acquired in an electric fiel 


i by employing the energy conservation law: 


mv2/2 = QU,. 
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Solving this for v and substituting the result into (5.18.1), 


we finally obtain 
U m 
2-7 V wa, - 


5.19. According to the Lorentz formula, charges moving 
in a magnetic field are subjected to a force whose direction 
is determined via the left-hand rule, where the positive 
direction of a current is defined in the "electrical-engi- 
neering" sense, that is, the direction in which the positive 
charges move in the conductor. Therefore, irrespective of 
the sign of the charge carriers, the forces acting on these 
carriers point in the same direction. In the case illustrat- 
ed in the figure accompanying the problem, the charges 
move downward. In a metal or an n-type semiconduc- 
lor, where electrons are the charge carriers, this will re- 
sult in a depletion of charge carriers in the region about 
point a; the region will acquire a positive potential. In 
the case of a p-type semiconductor the sign of the charge 
is obviously minus. 

5.20. According to Lenz's law, the induced current is in 
such a direction as to oppose the change in the magnetic 
field that produces it (that is, oppose the change in mag- 
netic flux coupled with the contour). When the two con- 
lours approach each other, the flux coupled with the sec- 
ond contour increases, which means that the direction 
of the induction current in that contour is opposite to the 
current in the contour. On the other hand, when the con- 
lours are moved away from each other, the decrease in 
the flux in contour 2 leads to an induction current in that 
contour that is directed in same sense as in contour 7. 
9.21. The induction emf is 


. (LI) py al 7, ab 


éi dt ae Wk 


In the case at hand the variable quantity is the induc- 
tance. When the spiral is stretched, the inductance falls, 
so that dL/dt — 0 and €;>0. The generated induc- 
tion emf leads to an increase in the current in the cir- 
cuit. For an exact calculation one is forced to solve the 
equation 


I— (&—L S —1 F)/R, 
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which requires knowing the time dependence of the in 
C —L). . c 
Jp ow - d of the iron core results ina yr m 
in the induction and the magnetic field flux in ao’ 
lenoid, during removal there emerges a selino sa 
emf, which opposes the reduction in the flux ro m E 
increases the current flowing in the solenoid (t 10 di o 
lion of the external emf, which supplies DC powet a o 
solenoid, and that of the self-induction emf are t 
ne). 
HW The self-induction emf defined by the fonala 
6s. = —L(dI/dt) is proportional to the — ns 
d//dt (for equal inductances), which is the grealer x 
steeper the straight line. Hence, the ui haa air $ ^ 
is higher for the inductance for which the time depen ane 
of the current is depicted by straight line Z. Since E. 4 
slopes of the straight lines do not change when us 
currents pass through zero, both the numerical values 


and the directions of the self-induction emf's are ! 
tained. 


ms : " " mula 
5.24. The self-induction emf defined by the formul 
E dI 
Symb 


has its maximal value, obviously, at the 


point where the 
rate of decrease of 


current is greatest, Lhal is, at point t 
5.25. In Figure (a), after key K is closed, the current 
flowing through the circuit that consists of L and R gon 
nected in series is initially the same as the current that yen 
flowing before K was closed. For this circuit we can write 
Kirchhoff's law in the form 


Separation of variables and subsequent integration yil 
I = I, exp ( —Rt/L). 

The current falls off according to an exponential = 

with the self-induction emf being initially 


dI 
Es. =—L r= LR, 
which means that the self-inducti is aqtial. io the 
emf of the D he self-induction emf is eq 


source. 
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In Figure (b), after key K is opened, the current initial- 
ly is the same as the one that was flowing in the circuit 
before K was opened. In this case, however, ther esistor 
R closes the circuit. Since prior to opening the key the 
current flowing in the resistor was much weaker than that 
flowing in the induction coil, the voltage across the resistor 
after K is opened may initially become considerably high- 
er than that prior to opening the key, which is possible 
only if R is considerably higher than the resistance of the 
DC source. One must bear in mind also that after open- 
ing the key the current in the resistor will reverse its 
direction. 

5.26. The increase in current in the circuit with a re- 
sistance and an inductance occurs according to the law 


r= [t eau, (5.26.1) 


Since by hypothesis only one parameter can vary, the pa- 
rameter may be only the inductance because conserva- 
lion of the limiting current is possible only when two pa- 
rameters, € and R, are varied simultaneously. Formula 
(5.26.1) implies that the increase in current is the slower 
the higher the inductance in the circuit. Hence, curve 2 
corresponds to a higher inductance. 

5.27. The magnetic flux coupled with contour 2 is 


Vy = BS, 


where S is the area of the contour, and B is the magnetic 
induction at the point where the contour has been 
placed. Accordingly, the induction emf generated in the 


contour is 
1B dB dr dB 
=s =í = 
éi di dr di Ur 


The induction of the magnetic field generated by the cur- 
rent flowing in a circular contour and measured at a cer- 
tain distance from the contour on the contour's axis is 
given by the formula 


- !oPm 
B 25 (I2--r2)9/2. * 


where pm is the magnetic moment of the contour. There- 
fore, the induction emf in contour 2 is 


3itopgySv r _ r 
Oe TR OEE 
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with C = 3y,pmSv/2n. The sign of r determines the sign 
of the induced emf; when contour 2 is moved closer to con- 
tour 7, r is negative and so is the induced emf, so that the 
direction of the current in contour 2 is opposite to that 
of the current in contour 7. When contour 2 passes 
through contour 7, the induced emf changes sign. The 


maximal value of this emf can be obtained by nullifying 
the derivative, 


dé; = C Ler) (5/2) (ga-pre map — 0. 
dt (RF ps 
Thus the emf is maximal 
nitude but of opposite 
tance but on the other s 
together. 


5.28. When key KZ is closed 
of a DC source 


atr = R/2. An emf of equal mag- 
sign is generated at the same dis- 
ide when the contours are brought 


, a closed circuit inusiadus 
and the induction coil L/ is formed. 


1 d 
l [^ 
0 1 9 ES. 0 1 
(0) W i 
Fig. 5.28 
Since there is no resistance in this circuit, the sum of 
the emf's is zero: 
dI 
6—L, 53.0 


3% E circuit (the solid line in Figure (a 
iccompanying the answer). The magnetic flux generale 


bY this current is coupled with } i jnear- 
i 1 Dot s also line? 
ly increases with time: oth coils and al 


v= Lf. 
In the Second coi] " 
S there appear: emf (Fig 

ure (b) accompanying th Ppears a constant 


s e answer) whose direction is 0P^ 
posite to that of the current in E 


Se acu dl, dI, 


8-0 
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The current in the first coil increases with a constant time- 
rate as long as K2 is open. When K2 is closed, a current 
flows in L2, with the magnetic field generated by this cur- 
rent opposing the field generated by the current in LI. 
'The fact that the instantaneous value of the flux coupled 
with both coils must be preserved requires that there be 
a jump in the current in ZZ, after which the current will 
continue to grow according to the same linear law (the 
dashed broken line in Figure (a)). The current in Z2 will 
remain constant during the entire process (Figure (c) ac- 
companying the answer). 

5.29. (1) To find the mutual inductance we determine 
the magnetic flux coupled with the contour and generated 
by current 7 flowing in the straight conductor. In this 
càse the mutual inductance is determined from the equa- 
tion M — W/I. The induction at a distance z from the 
straight conductor is B = ptotl/2nx. The fluxes that flow 
through a part of the contour dz wide and b high and 
through the entire contour are, respectively, 


dd =e" 7. b dz, 


p= Hol pp \ dz — o Ibln c+a . 
n J z 2n c 


When there are N turns in the contour, the flux coupled 
with the contour is 


y No — HE IND In £4 
2n x 


c 


which implies that the mutual inductance is 


M= EE bN nA, 


27 


(2) Since the rotation of the contour through 90° makes 
the flux coupled with the contour vanish, the amount 
of electricity induced in the contour as a result of such a 
rotation is determined by the formula 

V uopb NI c+a 
Qe an dew 7s 

(8) The rotation of the contour through 180° requires 

the following work to be done: 


pul Vb 1, eta 
| ee ee 


c 
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(since after the rotation the flux coupled with the contour 
will become —W). The “minus” shows that the work is 
done against the forces induced by the magnetic field. 
5.30. When a current flows in a conductor, the induction 
of the magnetic field generated by this current at a dis- 
tance r from the conductor is 


B= plnr; 


The magnetic flux coupled with the contour formed by 
the winding of the loop is Y = BSN, or 


Y = wl SN/2ar. 
When the current drops to zero, 
the amount of electri 
mined by the formu 


that had been flowing 
is 


the flux follows it, and 
city flowing in the contour is deter- 
la Q = AW/R. Hence, the current 
in the conductor prior to swilch-olf 


2arkQ 
BSN * 


5.31. The following emf is induced in the coil: 
ee (5.31.1) 
We see that the 
er the greater 
of the field, 


maximal possible value of €; is the high- 
the rate with w 


hich the coil is moved out 
The area under the 


gral curve is given by the inte- 
a 

t Wa 

| 6, dt — —{ dY—W,—wW, ow. psy 

0 Y, 


and, hence, is independent of the rate of coil removal from 
the region with the field. 


can be considered as being a new 
às large as that of one sole- 
A : 5 the same as that in one so- 
lenoid and With the s Ss-sectional area. Since the 
: solenoid is 7, — WoW V, where No 


noid volume which i Qj x md Pashe er 
one solenoid. b j^ in this Case is twice the volume 0 
achieved by gone Li = 2Ly. The same result can be 
ree y considering the self-induction emf that is 

n the two solenoids connected in series. The 
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total emf is equal to the sum of the emf's generated in 
each solenoid; hence, 


D dr 
€= —2L, ru 


which yields Ly = 2L. 
(2) When the solenoids are connected in parallel, the 
self-induction emf in each solenoid is 
dI 
t 


P 17/2 1 
£,- —L1V PS Ly sj 


Because the solenoids are connected in parallel, the total 
emf has the same value. Thus, with a current I in a cir- 
cuit that is external with respect to the solenoid, the in- 
duced emf is one-half the value for the inductance Làr 
Hence, 


EEN 


(3) In this case, the number of turns per unil length is 
twice as large as that of one solenoid, and since the induc- 
tance is proportional to Nj, we have (provided that the 
current remains unchanged) 

Lg AL. 


(4) If one solenoid is fitted onto the other and the senses 
of the turns coincide and the solenoids are connected in 
Parallel, the current through each solenoid is 7/2 if the 
current in the circuit is Z, while the flux associated with 
Current 7/2 is ®/2. The total flux is @ and the flux coupled 
With each solenoid is V = No. In each solenoid 
there is generated a self-induction emf equal to the one 
induced in a separate solenoid when current Z varies. 
Since the solenoids are connected in parallel, this emf 
is the common emf of both solenoids. Hence, 


L, = Le 
_ (5, 6) In both cases the induction flux in the solenoids 


Is zero, so tl "- 
n , iat Ge = Lg — 0. 
5.33. The induced emf is 


dI 
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Hence, the value of the emf is determined by the rate 
with which the current decreases (the sign of this rate is 
opposite to d7/dt). The slope of the straight line on the 
0-1 section is twice as large as that of the straight line 
on the 7-2 section and coincides (numerically) with the 
slopes of the straight lines on sections 3-4-5 and 5-6. 
Hence, in the time interval between points Z and 2 the 


*&i 


Fig. 5.33 


induced emf is one-half of the emf's in the other intervals 


from point 2 to point 2 where bp = 


On the one hand, the an isolate an clement of length 7 


ment can be thought of as a charge 

= en ght of as acha 
f n, An bs other, as an element of current 
` ostatic r iv " + 1 
on each charge ieee repulsive force F, = EQ acts 


conductor carri ec by an infinitely long straight 
T = en$. This feld. charge whose linear density is 


second beam, can ie acts on the charges in the 
en in the form 


Bes 
2neor ? 
80 that 


F e?n2S2] 

if EU 
2er * 
9 


The isolated element, if considered as an element of cur- 
rent, is under a force Fm = BIL, where B is the induction 
generated by the other current: 


Thus 


e®n®y2S2] 
Pm = bo ay 


The ratio of these two forces is Fa/F, = veo). Since 
Eoo = 1/c?, where c is the speed of light in vacuo, we 
obtain 

Fm. UP 

Pe PES 


9.35. "The reasoning is all wrong. Even if the electrons 
in the conductors are at rest in relation to the needle, the 
positive ions that are moving in this case in the opposite 
direction create, obviously, a magnetic field equal to the 
one generated by the moving electrons when the needle 
was at rest. If the electrons are moving in a vacuum, then 
the electrodes and the electric field move in the opposite 
direction (when the needle is at rest in relation to the 
electrons). 

5.36. The permeability of air is practically unity and 
at any point the magnetic field vector coincides in di- 
rection with the magnetic induction 

vector. In the emu system of units 8 
both vectors coincide in magnitude 

as well, while in the SI system 

they are related thus: H = B/u,. 

Since the lines of force of induc- s 

tion are continuous, inside a bar 

magnet they are directed from the 

south pole to the north pole and 

are continued outside the magnet 7 

by lines directed from the north Fig. 5.36 
pole to the south pole. To deter- 

mine the direction of the magnetic field inside the 
magnet, one must bear in mind that the circulation 
integral of the magnetic field vector along a closed con- 
tour must be equal to the algebraic sum of the currents en- 
compassed by the contour. Since in the case at hand there 
are no currents, the circulation integral along any con- 
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tour lying inside the magnet must be zero. If the ip 
passes partially through the air surrounding the mk id 5 oo 
partially in the magnet, the circulation integra m 2 
equal to zero only if inside the magnet the magnetic x 
vector is directed from the north pole to the south po Ss 
Formally this means that inside the magnet the permea- 
bility is negativo. £s EN ; ; 
5.97. Alternating magnetization results in liberation o 
heat in the steels, with the amount of heat proportional 
to the area bounded by the hysteresis loop. Since a trans- 
former operates on alternating currents, the amount of 
heat liberated in the core of a transformer will be the 
greater the bigger the area bounded by the loop. From this 
fact one can conclude that the steel whose hysteresis loop 
is depicted in Figure (b) accompanying the problem is more 
desirable. On the other hand, it is desirable that a per- 
manent magnet have as high a residual magnetic induc- 
tion and a coercive force as Possible. This implies that 
the steel more suitable for manufacturing a permanent 
magnet is the one whose hysteresis loop is depicted in 
Figure (a). 

9.38. The elementary work iny 


magnetic flux coupled with 
1s 


olved in changing the 
a contour carrying a current 


dA =7 av, or dA = ISN dB. 


Tf we use the relationship that exists between the current 
m a solenoid and the magnetic field generated by this 
current, H = IN/l, we obtain 


dA = H SI dB = VHAB, 


where V is the volume of the core. The entire work is 


B 
A—V f nag, 
0 
The integral on the right- N A T 
the B vs, H te right-hand side is the area bounded 


etm . curve, the ordinate, and the segment of a 
Straight line parallel to the H axis (soo the figure accom- 
Panying the answer), i 
5.39. S shown in the 


S answer to Problem 5.36, the mag- 
netic field insid s P 


° à permanent magnet is directed from the 
north pole to the south : * "emer uh ca IPM 
? ole, wl s direct 

ed from the south mu e, while the induction is 


that these quantities have opposite signs. On the hysté- 
resis loop, this condition is met on sections 2-3 and 
5-6 (see the figure accompanying the problem). Formally, 
to the permeability on these sections we can assign a nega- 
tive value. Correspondingly, to point 0 we may assign a 
permeability equal to Æo, while points 3 and 6 cor- 
respond to zero values of the permeability. 

5.40. After the current in the conductor has ceased, the 
circulation integral of the magnetic field strength along 
any closed contour is zero (this is true even for a closed 


Fig. 5.38 Fig. 5.40 


contour that passes in the toroid). Since all points of a 
contour that is a circle concentric with the section of the 
conductor are identical, the magnetic field strength at 
all points inside the toroid is zero, too. At the same time, 
the toroid carries a residual magnetic induction whose 
lines of force are circles directed in the manner shown by 
the arrow in the figure accompanying the answer. This 
magnetic state of the toroid corresponds to point 2 or 
5 on the hysteresis loop (the choice of the point depends 
on which of the two directions is assumed to be positive). 
If the positive direction of the magnetic field vector is 
the one the toroid acquires during magnetization, this 
magnetic state of the toroid is depicted by point 2. 

5.41. The circulation integral of the magnetic field is 
uniquely determined by the current flowing inside the 
contour. Because of this, the circulation integrals along 
contours 7, 4 and 5 (see the figure accompanying the prob- 
lem) are the same and equal to the current 7, while the 
circulation integrals along contours 2 and 3 are zero. How- 
ever, the situation with the circulation integrals of the 
magnetic induction along these contours is quite different. 
When the circulation integrals are evaluated along con- 
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li in the 
tours that pass through a homogeneous pou EE ie 
e at hand, in a vacuum), they do not Sena ia 
Eme and size of the contours, with the P E nin 
circulation integrals along contours 4 a m dne 
Reasoning in the same manner, we conc eo mage 
culation integral along contour 3 is zero. Hm "wn 
ing the circulation integrals along contours A MILAN 
that include sections of a medium with a pe rw d 
greater than unity, the circulation elements in aed 
dium are y times greater than in the vacuum (i u Pena 
er than unity). For this reason the circulation à 
along contour / is greater than that along con 


Wes 2 
and 5, while the circulation integral along contour 
is nonzero. 


6. Oscillatory Motion and Waves 


6.1. Equal deflections from the position of equilibrium 
occur if 

sin 5, = sin Dy, (6.1.1) 
Where d, = 


1 = Ol, and QD, = wt, (as shown in the figure, 
the initial phase is zer 


0). The z vs. wt curve shows that 
condition (6.1.1) is met if 
sin D, = sin (x — ®,). 
Here cos ®, = —cos D,, 
correspond to velocities of t 
x 


that is, phases d, and i 
he oscillating point that a 


Fig. 6.1 
opposite in direction. The Phases of harmonic oscillations 
coincide if both the deflections 


aa ee and the velocities of the 
ae coincide (both in absolute value and in direc- 
tion), 


6.2. The am 
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The periods of the two oscillations coincide. Oscillations 2 
lag in phase behind oscillations Z by a quarter of one pe- 
riod. Hence, oscillations 2 are represented by the equa- 
tion 


xz = 2A sin (ot — 2/2). 


6.3. Oscillations 7 have a period that is twice as large as 
that of oscillations 2, so that the frequency of oscillations 
1 is one-half of that of oscillations 2. Amplitude A, is 
twice as large as amplitude A,. The energies of these os- 
cillations are 


W,—-—moj4i 


and W,- moj4i- m (2) (24)? - W,, 


that is, coincide. 
6.4. The equation of the motion projected on the x 
axis is 

a = A, sin ol. 


In the case where the object moves clockwise, the deflec- 
lion along the y axis at time zero (t = 0) is y = Ay, and 
then it decreases to zero when the maximum on the x 
axis is attained. The sine decreases from unity to zero as 
the angle changes from n/2 to x. In this case the initial 
phase of oscillations along the y axis is /2, and the equa- 
tion of motion projected on the y axis is 


y = Ay sin (ot + 3/2). 


In the case where the object moves counterclock wise, 
the deflection along the y axis is zero when the phase of mo- 
tion along the z axis becomes z/2 and, hence, the initial 
value of this deflection is y — — and increases to ze- 
ro in the course of a quarter of the period. In the case at 
hand the equation of motion projected on the y axis can 
be written in the form 


y = A, sin (ot — 1/2). 


6.5. In the first case the oscillations along the y axis 
begin x/2 earlier in phase than along the z axis, while 
in the second case they lag behind by the same quantity. 
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In both cases the motion takes place along an ellipse de- 
scribed by the equation 


The two motions differ in direction. In the first case the 
motion is clockwise while in the second it is counterclock- 
wise. The equations of motion have the form 


: za 
z= A,sinot, y, = Aysin (o5). Ja — A, sin (ot -5). 


‘6.6. When the deflection along the z axis is zero and 
‘the velocity is positive, the deflection along the y axis 
is greater than zero but smaller than As, with y continu- 
ing to increase according to the direction designated by 
‘the arrow and reaching the value A, (i.e. when o£ + 
"p = 2/2) for 0 < ot < s/2. Hence, — 


0 — p< n2. 


6.7. In the course of one period the oscillating point 
altains each of its maximal (but opposite) values once 
(i.e. in the motion along an axis). For this reason the com- 
plete Lissajous figure touches the sides of the rectangle 
limiting the motion exactly the same number of times 25 
there are periods in the motion of the point in a certain 
direction. Along the z axis the figure touches the sides of 


the rectangle twice, while along the y axis four times. 
Hence 


0 = 20, and y= As sin (2a, + q). 
To determine P, We assign to œt the values that corre- 
pang to points where the Lissajous figure touches the 
Imiting rectangle. For instance, if we take ot = 3/2. 
then 20,t + p = 7/2 + p. Here 


sin (20,1 + p) = . 4, 
Hence, 


m2 + p = —n/2, or 
oF Tum in the previous problem, the number of 
in efthar i Kes to traverse completely the Lissajous figure 
where the Pn is determined by the number of points 
limits the mo 2)9US figure touches the rectangle that 
8 the motion. There are three such points in the posi- 

256 


P= =i, 


tive direction of z and two points in the positive direction 
of y. Thus, the entire figure is traversed in the direction 
x in the course of three periods and in the direction y 
in the course of two periods. Hence, 


4/0, = 3/2. 


6.9. The kinetic energy is maximal when the velocity 
is maximal in absolute value. Being the time derivative 
of displacement, the velocity is maximal at moment 2. 
'The maximal potential energy is determined by the ma- 
ximal displacement, that is, the amplitude, and is equal 
to kA2/2. Hence, it is maximal at moment 7. At this mo- 
ment the kinetic energy is zero, while the potential ener- 
gy is zero at moment 2. The acceleration of the particle 
is at its maximum when the second time derivative of the 
displacement is maximal. This corresponds to moment 
1. Since at this moment the second derivative is nega- 
tive, so is the acceleration. 

6.10. The period of harmonic oscillations that take place 
due to a quasielastic force (F = —hka) is determined 
from the formula 


t=20 y mik. (6.10.1) 


The spring constant kis defined as the force that is required 
to stretch the spring in such a manner that the spring 
elongation becomes equal to its initial length. In the 
case at hand the elongations occur because of the weight 
of the loads, with the result that 


kı = mg/l and k, = mg/l. 


Susbtituting Æ into (6.10.1), we see that the masses can- 
cel out and in both cases the period is 


t= 2n V Ug. 


The same result can be obtained (to within a constant coefficient) 
from dimensional reasoning. There are three quantities that appear 
in the problem: mass, elongation, and time (the sought period). 
In addition, since forces equal to the weights of the loads are applied 
to the springs, we may assume that the acceleration of gravity g 
will enter into the solution. Bearing in mind that the dimensions of 
the left- and right-hand sides of any equation must be the same, 


we can write 
T = MeL [LT?Y, 


17—01569 


where a, b, and c are the exponents of the corresponding quantities. 
We have the following equations for the exponents: 


a=0, b+c=0, c= —1/2. 
Hence, 
t= APP gL, 
where & is a dimensionless coefficient, which cannot be found 


using solely dimensional considerations. Above it was shown that 
this coefficient is equal to 2z. 


The energy of the oscillations of a load can be written 
in the form 


W = mA?o?/2. 


Since the periods of oscillati 
cies) are equal and so are the 
the load with the higher ener; 
m. ; 

6.11. In the case at hand the quasielastic force is Archi- 
medes’ force. When the bottom of the test tube lies above 


or below the position of equilibrium by a distance 2; 
this force is 


ons (and hence the frequen- 
amplitudes (by hypothesis), 
gy is the one whose mass is 


F = _Szpg. (6.11.1) 
The mass of the test tube 


together with the mass of the 
load is equal to the m 


ass of the displaced waler, or 
m = ISp, (0.11.2) 


Using (6.11.1), we can find the "spring constant" 


k= |F |x = Spg: (6.11.3) 


Substituting (6.11.2 


and (6.11.3) int xpression for 
the period of SRE l pe m 


tions (6.10.4), we get 


t= 20 V mk — 2x V Ug. 


We see that t depends neither 
tional area of the tube nor on 
us Same result can be obt 
siderations, just ur it was done in Problem 6.10. 

: Mo is the known mass and m is the unknown 
mass and if Oo and © are the angular frequencies of oscil- 
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on the mass and mire 
the density of the liquid. 
ained from dimensional con 


lations of the systems with the known mass and the known 
mass plus the unknown, then 


(y = V kim, (6.12.1) 
o = y ki(m + m), (6.12.2) 


where k is the spring constant. Combining (6.12.1) with 
(6.12.2), we arrive at a formula for the unknown mass: 


o? 
m m, ( iren 1) 5 
P 


6.13. The total energy of oscillations of a material par- 
ticle can be made equal to the maximal kinetic energy or 
maximal potential energy of the particle. In the case at 
hand it proves expedient to compare the maximal poten- 
tial energies, which are specified by the maximal deflec- 
tions. When the deflection is at its maximum, the load 
(or particle) is at a height k above the position of equilib- 
rium: 
h = l (1 — cosa). 


Since the expression inside the parentheses is the same for 
both pendulums, the pendulum with the greater length 
is raised to the greater height and, hence, has the higher 
energy. 

6.14. Just like in the previous problem, the total energy 
can be made equal to the maximal potential energy. Since 
the center of gravity of the physical pendulum is high- 
er than that of the simple pendulum, the physical pen- 
dulum can be thought of as a simple pendulum of smaller 
length. Thus, the given simple pendulum has a higher 
energy. 

6.15. In the case at hand the disk constitutes a physical 
pendulum. The period of oscillations of a physical pendu- 
lum is given by the formula 


T =2n ( 


J 1/2 
mgRe ) i 

The moment of inertia of the disk about the center is 
J = mR?/2. According to Steiner’s theorem, 


J = m (R7/2 + Ro), 


à (n2/2-- R2) 71/2 
al 


whence 


179 259 


ass of 
As expected, the period does not depend on the mass 
the pendulum. 


i ions i ysical 
6.16. The angular frequency of oscillations for a physica 
pendulum is 


© = (mgR,/J)?, 


is the pen- 
where m is the mass of the pendulum, and ; is rs s. 
dulum's moment of inertia. If the distance a ei 
ter of gravity to the point of suspension is n. nid ot 
cording to Steiner's theorem, the moment o y um 
the rod about the suspension point is equal to the n ipn 
of inertia of the rod about the center of gravily p poe is 
moment of inertia of a material particle whose mass 
that of the rod about the point of suspension: 


Thus, 


To find the ex 


‘ Suec te ) 
tremum, we nullify the derivative of o 
with respect to Re: 
do 00 ge 1272) 
dRe — 


memon — 0. 
2 (LIRAS 
JO (1 12er 
Whence 


l 
R—— — - 0.991, 
EET. 0.291 


^ i " . , w 
6.17. The acceleration varies according to the same la 
as the force, Thus, 


t 


; ! p 
der dL. ot dt = o 
m 


1 spt). 

E = 60s wl) = p, (1 — cos wt) 
5 

0 


The v vs. t curve is depicted in Figure (a) accompanying 
the answer. If the initia] Position of the point is taken a! 
the origin, then 


t 
T= Up f (1 — cos ot).dt = p, f — "in. stn qt. 
0 
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Thus, we have found that the particle is in translational 
molion with a velocity that periodically increases from 
zero lo its maximum, equal to Wm, and then drops off to 


(a) 
Vig. 6.17 
zero. The motion is depicted schematically in Figure (b) 
accompanying the answer. 


6.18. The solution to this problem is similar to that of 
Problem 6.17, the difference being that the initial phase 


x 
Xm oe, 
mur 
t 0 


(a) (b) 
Fig. 6.18 


of the driving force is different. In the case at hand, ini- 
tially the force is maximal. The time dependence of the 
velocity is 


ree Fl . 
ve \ cos wt =—* sin wt = vy sin ol. 
m J mo 
0 


In contrast to the previous case, the velocily changes ils 
direction during motion (Figure (a) accompanying the 
answer). The displacement of the particle can be found 
after integration: 

t 

2» stil | sinot = "m. (1— coso’). 

d [n] 

0 
Thus, in the case at hand the motion is purely harmonic, 
as shown by the curve in Figure (b). 
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A comparison of the results of the previous problem 
with those of the present problem demonstrates that the 
motion of a material particle under a force that varies ac- 
cording to the harmonic law depends on the initial phase 
of the force. The motion may vary from purely translation- 
al to purely oscillatory. These features of a periodic force 
manifest themselves in various phenomena, say, in 
high-frequency electric discharge in gases, where the mo- 
ments of collision of electrons, ions, and atoms accompa- 
nied by changes in velocities occur at different phases of 
the applied variable electric field. 

6.19. If the amplitude decrease 
time according to the law 


A = Abt, 


then, since the oscillation energy 
square of the amplitude, the decre 
cording to the law 


s with the passage of 


is proportional to the 
ase in energy occurs ac- 


W = Wet, or In W — In W, — BPE 


The slope of the Straight line th 


at expresses the decrease 
in energy on the semilog 


arithmic scale must be double 


(Ay 
tn} A 
LU 
0 t 
Fig. 6.19 


Fig. 6.20 


the slope of the slr 
in amplitude. 
6.20. The figure 
the initial phase j 
Whose phases diffe 
the logarithmic 
ly equal to 0.4. 
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aight line that expresses the decrease 
accompanying the problem shows thal 
s mA while the ratio of the amplitude 
r by 27 is equal to 1.5. This means that 
ecrement In (4,,,/4,) is approximate- 


6.21. Initi i 

d us ue the velocity of the pendulum is zero and 

siiu As à pendulum approaches its position of 

Pate j^ 89 that it first grows and then, after passin 

Hiis posted aga ea decreases. We can arrive al the 

PA S sion after analyzing qualitatively the differ- 
quation of the motion of the pendulum written 


lal 
Mi 


0 
t 0 
(a) (5) s 


Fig. 6.21 


in polar [V i 1 ‘0. tion o 
oordinates in i i 
sms dell iind the common approximation f 


Ia = —qa — ra. 


We « A 
EGRE quem of coordinates in which the positive 
deflected fr ie one in which the pendulum was initially 
the i eg the point of equilibrium. Initially, when 
the bier ing zero and the deflection was the largest, 
tims oa was the highest. The curve depicting the 
Bicaleo aes et the deflection has at this point the 
ihm em D rvature. In the process of motion, the first 
item re right-hand side of the equation decreases in 
ica value, while the second term (which is positive 


sinc 
E ot dcm 0) grows, and because of this the absolute val- 
e acceleration decreases. There finally comes a mo- 


men : 
t when the acceleration vanishes and the velocity 


rea 1 > 
ire b^ maximum. After that the acceleration grows, 
ue, ss ng e positive and increases in numerical val- 
implies om the system of coordinates employed here 
Wetton the enti and the pendulum asymptotically 
deticés of chs he position of equilibrium. The time depen- 
locity of a absolute values of the deflection and the ve- 
accompa ne pendulum are shown in Figures (a) and (b) 
6.22 an the answer. 
ailes n damped oscillations 
iio P the natural frequency 
řeversed: B B < o. In aperiodic mo 
D B > o, The damping factor is 


the damping factor is 
of free oscillations of 
tion the situation is 
defined as the 
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i — t re r is the resistance of the medium, 
ey ier opa ie: tho load. Both quantilies remain un- 
chantai, and so does B. To go over to the aperiodic mode, 
we must make og smaller. Since o= y k/m, we poe 
diminish X since m is fixed. At a given elongation. ir] 
the elongation of the spring is proportional to the Jain 
length of the spring. Hence, the spring constant is are E 
ly proportional to the length of the spring, with e i 
sult that we must increase the length of the spring if v 
wish to diminish k. PD ou 
6.23. (1) The condition for an aperiodic discharge is 
P o. The damping factor 


B —RI2L (6.23.1) 


does not depend on the capacitance. To make the process 
aperiodic, we must diminish the natural frequency, 
which ‘or a fixed inductance means increasing the capa- 
citance, and the easiest way to do this is to bring the 
plates of the capacitor closer together. 

(2) According to (6.23.1 
tor for a fixed resist. 
To preserve the va 
1/V LC, the c 
factor. The f 


), to decrease the damping fac- 
ance, we must increase the inductance. 
lue of the natural frequency o, = 
apacitance must be decrease 


d by the same 
requency of the d 


amped oscillations, 
0-— lo, —R, 
increases in the process, 


approaching wg. 
(3) When the resistanc 1 


e and inductance are decreased 
simultaneously, the damping factor remains unchanged, 
but for a fixed Capacitance the oscillation period T = 


27 A HE 
2nlV oi — Bi decreases and, hence, so does the loga- 
rithmic decrement. 


6.24. Both the lo, 


garithimic decrement 
depend on the dam 


and the period 
ping factor: 


0—pr (0.24.1) 

T —2alV o BR, (0.24.2) 

Since the lengths of tho pendulums are equal, the natural 
frequencies 0 


f free oscillations (that is, without resis- 
are equal, too. The damping factor is 


B = r/2m, (6.24.3) 
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where r is the resistance of the medium, which is the 
same for the two pendulums. Substituting (0.24.3) into 
(6.24.1) and (6.24.2), we see that both the period and the 
logarithmic decrement of the sphere with the smaller 
mass are greater. 

6.25. There is no periodic driving force in the system; 
hence, the oscillations are not forced. The oscillation fre- 
quency is determined by the mass and by the elastic prop- 
erties of the spring, and since the amplitude of the oscil- 
lations remains unchanged, the oscillations are undamped 
although, of course, loss of energy is inevitable. This loss 
is compensated by the energy stored in the DC source. 
Thus, the oscillations belong to the type that occur with 
a natural frequency but with replenishing the energy from 
an external nonperiodic source, that is, self-oscillations. 
6.26. The frequency dependence of the displacement am- 
plitude in forced oscillations is given by the formula 


A= ae ol : 
m V (05— o? + 4p?o* 


While the frequency dependence of the velocity amplitude 
is given by the formula 
. Fo 

0 the amplitude A does not van- 
ish but becomes equal to F/m, OF Fik, so that the curve 
culs off a segment on the vertical axis, which segment 
is the displacement under a constant force. The velocity, 
of course, is zero in this case. Thus, the curves in. Figure 
; dence of the displace- 


(a) correspond to the frequency depen i 
ment amplitudes, while the curves in Figure (b) cor- 
respond to the frequency dependence of the velocity ampli- 
tudes. The smaller the damping factor p, the higher 
the curve in the respective diagrams. The damping factor 
also determines the position of the maxima of the dis- 


Placement amplitudes: 


——É— 
Ores — Vo a 2p. 


Dr oe velocity amplitude for 
achieved at @ = d 
: wn ;; determined by 
th The displacement Ao at © = 0 is determined OY 
he ratio of the maximal force P te the elastic consti 


U, 


In the first case, at © = 


all damping factors 
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i i = Flk ypothesis, 
k (the spring constant), or A = F/k. By hypo 
A, Fo and k remain unchanged, whereby A does not de- 
pend on the resistance of the medium. The resonance fre- 
quency, defined as 
Ores = Y ROP, 


is the closer to the natural frequency the smaller the val- 
ues of the damping factor B. Since the latter is defined as 
B = r/2m and the mass of the oscillating object remains 
unchanged (by hypothesis), B decreases and Ores ZTOWS 
as 1 drops. The amplitude at the resonance frequency, 
— Fo 

i 28m V. $—p : 

is the higher the smalle 
3.28. The differenti 
of the system is 


Ares 


r the resistance of the medium. 
al equation describing the behavior 


mtt re + kr = Fy sin ot, (6.28.1) 
and it h a steady-state and a transient. 
The latter describes the Process of Setting in of forced os- 
cillations, Usually only the Steady-state solution is con- 
sidered. Howey, 0 and = 0$ this equation 
has n0 steady-state Solution, and because of this the am- 
Y increases and so does the energy of 
odd energy is taken from the source of 
oscillations, In Teality, a System in which the resistance 
of the medium is for all practical purposes 
either behaves in such a manner that the amplitude reaches 
values at which Hooke’s law ceases to be valid (and, re- 
Spectively, Eq, (6.28.1) loses meaning) or is destructed. 

ne must bear jn mind also that the fact that we ignore 
the resistance of the medium, which at low velocities is 
à valid assu 


: be justi as > velocity 
grows higher and higher. Mud Ühe 


1e resonance fro uency is i ] h os- 
: ; E] oth 
cillations: q V is the same for bo 


Ores = y um 2p. 
Since the Natural fr 


A equenci 
damping factors B Ti cc Ries i 


* dhe reson 
A 


Oincide, so do the 
ance amplitude is 
Fo 


ME 


266 


Only two quantities in this formula can vary: the mass of 
the oscillating object and the amplitude of the driving 
force. llowever, from the fact that the natural frequen- 
cies are the same and the damping factors are the same, il 
follows that for different masses only the elasticity coel- 
licients and the resistances differ: 


= V kim, B=r/2m. 


But by hypothesis, the systems are supposed to differ 
only in one parameter. This parameter, therefore, can 
only be the amplitude of the driving force, which for one 
system is twice as high as for the other. 

6.30. According to Huygens’ principle, each point of a 
Wavefront is an independent source of oscillations. An ap- 


erlure whose width is much smaller than the wavelength 
imits a section of the wavefront (a line in the present 
Case) that can be considered as a point source. This 
Source emits approximately semispherical waves that 
Propagate in space; in the case at hand these are approxi- 
Mately semicircles with differences in radii between the 
neighboring waves equal to one wavelength. . 

^31. Since the frequency of the oscillations remains 
Constant, the energy carried by the wave 1s determined 
üniquelly by the amplitude, that is, is proportional id 
the square of the amplitude. The amplitude at a oe 
21 is equal to the sum of the amplitudes of the inciden 
and reflected waves, 4; and Ay, while the amplitude pi 
niols; Ay, is equal to the difference between A, and 4: 


A= A + As 4a — A, — Ax 
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[ inci i reflected waves 
Hence, the amplitudes of the incident and reflec le 
1 
are 


Ay= ttn, Aye 


Hence, 
Ay A\— An — Ai/An—1 8—1 " 
Ap Adda Ay/Ay-F1 6--1 


; al of 
The ratio of the energy of the reflected wave to het o 
the incident wave is equal to the ratio of the squares 


the amplitudes: 
Wa 6-12 
Wy ( 8-1 ) s 


Hence, the ratio of Lhe energ 
cle to the energy of the w 
is 


y that has passed the el 
aves incident on the obstac 


Wi mS ic 4b 


Wy 81] ^ ry 


When the amplitudes are equal (6 = 1) no standing € 
are formed and the entire energy passes the obstac e 
In the theory and practice of propagation of waves qus 
electromagnetic Waves) a common notion is thal of | E 
standing-wave ratio, which is the ratio of the energies us 
Squares of amplitudes) at crest and node. Obviously, i 
an ideal standing wave this ralio is infinite. al 
6.32. The figure accompanying the problem shows eae 
the amplitude decreases ten-fold Over a distance m 
to four wavelengths, Denoting the amplitude near ite 
Source by Ay and the amplitude at a distance of fout 
Wavelengths from the source by A4, we can write 
Av/A, — 10, or log (A,/A,) = 1. 
In natural logarithms, 


In (A o/A,) = 2.3. 


. H Ir A 
For the amplitude at a distance of one wavelength fron 
the source we have 


In (AJA) = 2.3/4 — 9 


While for the amplitude at a distance of z from the 
Source we have 


515, 


In (4/4,) = 0.57525). 
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Whence 
A, = Ay exp (—0.5752/A). 


This dependence is often expressed in terms of the wave 
number f, which is related to the wavelength as follows: 
k = 27/4. Thus, 


A, = As exp (—0.0916 kz). 


6.33. The statement is false. The density of the gas, 
which is in the denominator of formula (6.33.4), is de- 
termined by the ideal-gas law thus: 


p = pMIRT, (6.33.1) 


Where M is the molecular mass (weight) of the gas, and 
R is the universal gas constant. If we substitute this val- 
ue of the density into (6.33.1), the pressure cancels out 


and we get the formula 


-—yyRTIM, (6.33.2) 


according to which for given gas the speed of sound de- 
pends only on the temperature of the gas. Actually, the 
lemperature dependence is somewhat more complicated 
than simple proportionality to 2, since in diatomic and 
especially multiatomic gases the specific heat capacity 
at constant volume grows noticeably with temperature. 
6.34. According to formula (6.33.2), the speed of sound 
in a gas is proportional to the square root of y and 
inversely proportional to the molecular mass. At a fixed 
temperature the difference in speeds of sound is deter- 
mined by the ratio y/ M. For water vapor (six degrees of 
freedom) y = 1.33 and for neon (three degrees of freedom) 
Y = 1.67. The molecular mass of water 18 1.8 X 
10- kg/mol and that of neon is 2.02 x 107 kg/mol. 


he ratios y/M is 74.1 for water vapor and 82.5 for neon. 
i the temperature 


Thus, the upper straight line depicts 
dependence of p? ee qt sound in neon and the lower 
9ne depicts the temperature dependence of the speed of 
sound in water vapor. Both straight lines have the same 
Slope equal to 0.5. A calculation via formula (6.33.2) 
Yields 454 m/s for neon at 300 K and 430 m/s for water va- 


Por at the same temperature. 
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6.35. When the source is moving and the receiver is 
fixed, the registered frequency is 


1 
Vp Mae t 


while when the source is fixed and the receiver is moving, 


Vo = Vo (1 + v/e). 


The first formula implies that v, grows without limit as 
vie tends to unity (curve Z in the figure accompanying 
the problem), while V increases linearly as v/c tends to 


unity (curve 2 in the same figure). 

) When the train is moving with a speed v and the 
Speed of sound is c and the frequency measured by an ob- 
Server on the train is v, (better to say, when the train is 


at rest), the frequency registered when the train ap- 
Proaches the observer standing at the roadbed is 


No 


quency registered when the tr 
he observer is 


vy 


while the fre ain is moving 
away from tk 
Vo 


mar 20.9 
n TES (6.36.2) 


For the sake of breyi i / = 
evily we introd o ali Va 
ó and vie p. Then uce the notation vj/V» 


whence f = (6 — 1)/(6 + 1), or 


= Vivy nan € 
v= p (6.36.3) 
Substituting (6.36.3) into (6.36.1) or (6.36.2), we get 
"=v (1—vlo) = v, (14 vie) = Shs 

2 2 


ands far fi ine along 
Which the source of sound is moving, ‘te d that 
contains not the velocity 9 
S projection on the direction 9 
For the observer that stands 
ain this velocity is practically 
in S suddenly, and so does the 


pitch of the sound heard by that observer (curve Z in the 
figure accompanying the problem). For the observer that 
stands al a rather big distance from the moving train, 
the projection of the velocity varies more smothly, drop- 
ping to zero when the train is closest to that observer and 
then increasing. For this reason the time it takes the reg- 
istered frequency to change is greater (curve 2). 

6.38. If for an immobile source the wavelength is Ag, 
the wavelength & when the source moves with a velocity 
v is shorter than Ag by vfo. The waves will arrive at the 
obstacle having the frequency 


EN: c =, 1 
Wc Ao oT 9 1—v/e * 


The waves will reflect from the obstacle but will retain 
their frequency and wavelength. Since the receiver is 
moving toward the waves with a velocity v with respect 
to the medium, the relative velocity of the receiver and 
Waves is c + v and the registered frequency is 


cd-v c-F-v 2 c+v -— 1-++v/c 
X  e/vo—v/vo ° e—v 


Ni 94—wvc * 
6.39. At frequency vo the wavelength in still water is 
do = c/vs. In a river whose waters flow with a velocity v, 
the wavelength downstream is by vT longer than Ao 
ànd the wavelength upstream is by vT shorter, that is, 
N= Ag HUT. 

In relation to the receiver that is down the stream, the 
velocity of the received waves is the sum of the velocity 
of waves in still water and the velocity of the river waters 
(as if the receiver was moving against the waves). ed 
the receiver that is up the stream the velocities are sub- 
tracted from each other, with the result that 


c= Cot. 
The frequency v registered by a receiver is the ratio of 


the speed of sound to the wavelength, or 


ot? __ Cot iy 
7 Ag vr Cal Vo £ v/Vo 


v 
We see that y is equal to the frequency of the oscillations 


8enerated by the source. 
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i Hi )y à source 
6.40. The wavelength of waves generaled by 
moving in a stationary medium is 


À — A, bt, 


ropagation of 

where the minus sign corresponds to D ipm venie 

s from the source forward, while the p "omen A 

bike à to waves propagating backward. W a E 
ra is in motion, its velocity with respect to the 


€ — eco d- v. 


i ins waves, 
Here the plus corresponds to motion against the wi 


OG c ame direc- 
while the minus corresponds to motion in oe K: ihe 
tion as the waves propagate. Since the d 
boats in relation to waves are different and the pem 
between the boats remains unchanged, the time s oñ 
a signal to travel from one boat to the other depe as dp 
Which boat is the receiver and which boat is the s 


l 
t= Otv’ 
If the boats could move with ane 
of waves, then the boat moving ahead of the othe 7 ok 
would cease to receive any signal, since the signal feel 
not catch up with it. The frequency of the signal rece 
by each boat is defined 


E ith 
as the ratio of the velocity Wi 
Tespect to the waves lo the r 


jor the 
eceiver wavelength. For | 
boat floating at the rear, 


speed 
à speed equal to the speet 


— ov _ iue 
F^ (-Fujo) vat — Yos 
and for the boat floating in front, 
y — ov = 1— vico 
Ào—vT 


(1=vje) var ^ Vor 


In both Cases the frequenc 
lo that of the sent signal, 
6.41. The ti 


l . . rans- 
e times of arrival of longitudinal and trí 
ver: S are, respectively, 


x is equal 
Y of the received signal is ed 


fj = S/o and ti = Slv,, 


l : the 
Where vi and v, are the velocities of propagation of 1 
longitudinal and transverse Waves, and S is the dist: 
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between 4 and B. The time interval between the arrival 
of longitudinal and transverse waves is 


whence 


If the seismographs are placed at two points, then by 
measuring the distances S, and S, (see the figure accom- 
panying the answer) we can 

establish at which point the 

Source of explosion is located. j 

In fact, in this way the epicen- 
ters of earthquakes are located. 
6.42. The speed of sound waves 


in si 3 5 
in air is c, 330 m/s and Y s 
in water it is cg æ 1500 m/s. 
According to Snell's law, 
Ay ^ 


sin c,/sin & = c/c. 


Accordingly, when the “sound Fig. 6.41 


beam" enters rater, it will 

ers the water, il v " ; " - 
be deflected from the perpendicular line still ‘a 
er and angle c, becomes greater than 4nglo Pa: hich 
Velocity ratio determines the maximal toate of 
Sound waves can go “into” water. The pe ») 
incidence am satisfies the condition (zs = 


sin Am = 41a: 


Ate, = 38 3 a , — 1500 m/s we have sin %m — 
0.29" ni ark i At an angle greater than E 
total reflection occurs. Such a situation is depicted in the 
ligure accompanying the problem. 
is The Permutation ane S UM 
ales the surface of the water Std 
nd this happens the faster the greater the angle ot inei 
dence of the wave. The wave dies out practica s Sos 
depth of the order of one wavelength. S is farei" 
ear a fisherman whisper: “Keep quiet The fis 


i at a 
he above estimate shows that a person standing 


" » the 
; r "scare 
istance away from the riverbank can neve 


fish 


incident wave pene- 
lies out exponentially, 
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6.43. Imagine a plane that is parallel to the pug o 
the earth. The sound that an explosion generates and as 
propagates at a certain angle c to the normal to this p aug 
will be deflected still greater. As Snell's law shows, 
this happens when the speed of sound increases with alti- 
tude. Thus, the curve that represents (he path along 
which the sound wave propagates suggests that the speet 
of sound increases continuously with altitude. Since the 
speed of propagation of waves in a gas is proportional p 
the square root of the temperature, then, hence, the behav- 
ior of the curve of sound propagation (see the figure ac- 
companying the problem) can be explained by the fact 
that the air temperature increases with altitude. 

6.44. Both longitudinal and transverse waves can trav- 
el in the earth. The first are partially reflected by water 
and partially transmitted through water, while the second 
are completely reflected by water. The reflection of the 
longitudinal and transverse waves can be used to estimate 


the upper boundary of the water pocket. The longitudi- 
nal waves will be partially reflected by the bottom of the 
pocket. Thus, to measure the depth of the pocket one can 
use only longitudinal Waves. 

6.45. For the observer to hear the sound of the airplane 
from a distance q earlier than the sound arrives from 
point A that is directly above the observer, the time it 
el from airplane to observer must 


a it takes the airplane to fly the 
distance a plus the time i 


t takes the sound to travel from 
The first time is 


t= Vex l/c, 
while the second is 


ta = alv 4 hle, 


where c is the speed of sound. The above-st 


í ated condition 
can be written thus: 


Va +h? a h 
c v c 


is inequality and carry out 


manipulations, we get 
2 
a Ord (6.45. 
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Phe ratio vile — M is known as the Mach number. Then 
(6.45.1) can be written thus: 
per” M 
a< á JET h. 


If, say, the airplane is flying with a speed double the speed 
of sound, the maximal distance from which the sound 
will arrive sooner than when the airplane appears over- 
head is equal to (4/3)h. 


7. Alternating Current 


74. The segment of the cross section of the loop of 
width dr and height h is penetrated by a magnetic flux 
Whose instantaneous value is Lw 


ddp = Bh dr, 


where B = pol/2nr. Whence 


Ra 
(p — Bo dr pokl Hs Le 
= UE S am In pu £o 

Ry 


Che flux coupled with the loop is 


———— 


yr BAIN qq Js Fig. 7.2 
das NEN C 5 


T . . n 
The current in the conductor is J = Ty cos wl. The emf 


Induced in the loop is 


av noMNO Jp Be sin ot. 


. ^ dt 2n Ry 


Fi : n 
inally, the effective value of this emf is 


, oV 9I erg Ra 

" bire =a 1n Ri 
fe The figure accompanying the problem shows that 
fon Capacitive reactance is four times the inductive on 
Nee. If the frequency is doubled, the first quantity 


Pes decrease by a half and the second will double, which 
Med they will become equal. As shown by the figure 
?mpanying the answer, the ralio £I, will decrease, 
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and since é must remain unchanged, the current guine 
The same result can be obtained analytically. The ampli- 
tude of the current in the circuit is 


I= — " 
Am 


Prior to the change in frequency, 1/Ca > Lo, and hence 


(4- Lo)" - 0. 
After the frequency is doubled, 1/Co = Lo. Here Io = 
7:3. ' The current in the circuit containing a resistance 
and an inductance connected in series is 
I = I, sin (ot + 9), 
where the amplitude value of the current is 


Xs Eo [27 


R cos p— Loy sin p nar n= VREF Lo 


of the phase of the current with respect 


* 


and the tangent 
to the voltage is 


lan 9 = —Lo/R. 


From these expressions it follows that as the frequency 
grows the lag of the current phase in relation to the voltage 
Phase increases, which results in a decrease in the cur- 
rent. The average Power in the circuit is defined thus: 


P SETA cos q. 


As the frequency grows, the amplitude of the current de- 
creases and so does the Power factor, which is the cosine 


of the phase shift between voltage and current. The power 
will also decrease as a result. 


7.4. The current. in the 


1 circuit containing a resistance 
and a capacitance connec 


ted in series is 
I= sin (ot + q), 
Where the amplitude value of the current is 
I ĉo 


€ 
z —— = r 
k cos p-F(1/Ca) sing’? 9T To VETES ? 
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and the tangent of the phase shift of the current with re- 
spect to the voltage is 
tan o = 1/RCo. 


plied Ree pressions it Tollows that as the frequency 

ex Feed repe shift by which the current leads the volt- 

The ave SS and tends to zero, while the current grows. 
average power in the circuit, defined as 


P= + Eolo COS Q; 


inc A " . 
reases with frequency, since Cos tends to unity, and 


E à : 

ed the amplitude value of the current. 

5. "The figure accompanying the problem shows that 
e phase by 0-qo-— 


the 

n/2 Ey leads the voltage in th 

ries This happens if a capacitance is connected in se- 
S with the resistance. 


rig. 7.6 


7.6. p 
Probl For the case shown in Figure (a) accompanying the 
em, we can write (if we ignore the resistances 0 


t t 
ne ammeters) 
: A 
ty dn ms sin wt — Toy sp sh 


ERU i ( Li d 
amp Sin ot — -5 02 
between 


i value of the voltage 
d ammeter 


Where ; 
e Uy is the amp : ne through 
, flowing throug 


Points 
Pals and 2. The current 7; 
S the sum of currents Z; and £z 
Fy = Ío i (ot -+ q) 
the ajgure (a) 
v - s Figure 
ector diagram of currents 1S dep : sd cur- 


Ccoy E 
rent TPanying the answer). The amp" 
C 78318 


. " jolie 
and the phase shift of the current in relation to the vo 
age is 


tang = — Tos. 


clive value of the cur- 
Since the ammeters measure the effective value of tl 
rent, Jeg = IV 2, we have 


Iso — V Ten + err- 


apacitance differ in we 
ng that here the deme 
ance leads the applied uias 
ing through the inductance s^ 
e Corresponding vector disgra 
accompanying the answer. The c 
y ammeters 47 and AQ are 
1; = (Uy R) sin ot = I 

T, = UsCo sin (ot + x/2) 
The amplitude of the 
is 


o Sin wt, 
= Tia cos wl. 

» AB 
current measured by ammeter 


la =V EFT 


0 02* 


while the tangent of the phase shift is 


tang = Lyall oy. 


The current measured py 


ammeter 43 is 
EM an 
Toe = V For Het < Tien 


7.7. For the Case depicted in F 
the problem, the volt 


+ ser. 


x anying 
igure (a) accompanyil 
age between points Z and 2 is 

U = IR sin wt = Uy, sin ot, 


while that between Points 2 


and 3 is 
U= lo. sin (ot — 7] = JS. US o= —U,, cos wt 
* Co Co "* " 98 


(see the vector di 
answer). The voli 
U, and Us: 


agram in Figure ( 


ing the 
a) accompanying 
age between Points 


7 and 3 is the sum 0 
U, = E. $ U, 


= Us sin (wt + q). 
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Its amplitude value 1s 
Us =V 
while the phase shift wi i 
Dias ase shift with respect to the applied voltage 
is given by the following formula: i 
tanq = —Ugal Ui 


asure the effective value Uer = 


Since the voltmeters mea 
U/V 2, we have 
r ——— 
zi J LU 
User — V Vien +L u Uer Uzeti 
) accompanying 


"or i i T H aH 
en or the circuit depicted in Figure (b 
» problem, just like in the previous case, the voltages 


Ua 


Fig. 7.7 

across E : . : . 
i ge the resistance and the inductance differ in phase by 
llowi the only difference being that here the current 
a through the inductance lags behind the voltage, 
ca Ue in the previous case the current flowing through the 
ha ea leads the voltage (and, hence, the phase shi 
e /ween the voltages across the resistance and across the 
apacitance is —1/2). The respective voltages are 
Up: sin of, 


U, = I,R sin ot = 
/2) = Ung COS wt 


Ü; = [Lo sin (ot d 3 
and 
( Uy, = OU; sin (0t + q) 
See . Wem 
the vector diagram depicted in Figure 


Panyi ^ : 3 
is ying the answer). The amplitude yalue of 


(b) accom 
the voltage 


. p 
T Ug — V Un 1 l 
"hà effosr: ^ 
mad ub voltages measured. by 


the yoltmeters are re- 


Usen = V Uien + Uden <U ett i Uet 


The tangent of the phase of the voltages is 
tan @ = Us Ug. 
'hich the 
8. In the first case we have resonance, at whid t 
ED across the capacitor and the inductance, 


Ug= az sin (ot — 7/2) and 


U, Tol sin (ot 4 2/2), — (7.8.1) 


are equal in magnitude and opposite in phase. eres 
Eq. (7.8.1) and the fact that a capacitor and an inducta 
D 


p 
t 
0 0 
(a) (5) 
Fig. 7.9 
Connected in series do not change the current it follows 
that 


Veo = Lo, 
For the case where a ¢ 
connected in Parallel, į 
a current 


n H n are 
Apacitance and an inductance di 
n each of these elements there flows 


To=U,Cosin (o — x/2) and i, oo sin (wt 2/2). 


The total current is 


I = U (Co — 4j, 


w) cos wt, 
and, since Cy — 1/L 


w, we have 


T E. + I, = 0, 
7.9. If the Voltage varies according to the law 
U= U, sin ot 


and there jg a definite Phase shift between voltage and 
Current, so that 


T= Ty sin (wt + 9) 
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(where t i 
ea E agn difference v may be either positive or 
, then the instantaneous value of the power is 


P = Ug, si i 
n (ot 
"— ol) sin (ot + q) sin of. 
sin (wt g " 
(wt 4- q) sinwt - sin? o x cosq + sin wt x cos wt x cos p 


1 
= I — cos Det) cos p -+ Sin Zot x sin q], 


We get 


Dies. , ; 
z [cos P— cos (201 4- 9)] UM o- (1.9.1) 


r 
Th 

E esas 

naximal value of the power is 


e 4 
3 Uolo (cos q + 1), 


2) 
P mar = 
While i 

the minimal value is 


1 
M Pum= 5 Uolo (cos 9— 1). 
‘hence T 
nce, the power factor is 
Prax} Prin 


£ max! n 
Pax Pmin 


( cos Q= 

bear i ; 

kc Si that Pmin is negative). 

"lation isi (7.9.1) shows that the frequency of power va- 

ing one - mace the frequency of the applied voltage. Dur- 

through period of voltage variation the power passes twice 
the maximum and the minimum. 


ere y 
) o Ew some particular cases: 
this case (Fi; The load is a purely active resistance. In 
and p igure (a) accompanying the answer) Pmin = 
max = U I: 


(Oy as D 
P = 0/2. ains only à reactive 


n inductance- Since 
(b) accompa- 


Clement, that ; The circuit cont 
in this cas lat is, a capacitance Or 2 
nying th se cos q = 0, we have (see Figure 
the answer) = 
The P maxs = —P min: 
wor A 
variata performed by the AC source over one period of 
pag half 33 the power is zero. This means that. during 
9 the rea the period the energy flows from the C source 
ctive element in the form of the electrostatic 
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energy of Lhe capacitance or the magnetic energy of the 
inductance, while during the other half the energy is re- 
turned to the AC source. 

7.10. When a watch is inside the solenoid, the magnetic 
field generated by the solenoid forces the steel parts of 
the watch to change periodi- 
cally their magnetization, fol- 
lowing the hysteresis loop. When 
the watch is slowly removed 
from the solenoid, the magnetic 
field acting on the watch 
gradually decreases, and as the 
periods pass, the hysteresis loop 
shrinks. Each second 50 hyster- 
esis loops are traversed, each 
being smaller than the previous 
one (the number “50” appears because the frequency of the 
AC source is usually 50 Hz). This process is roughly sketch- 
ed in the figure. When the watch is completely removed 


from the magnetic field, it proves to be completely demag- 
netized. 


7.41. At the moment w 
at terminal a ( 


Fig. 7.10 


hen the “plus” of the voltage is 
see the ligure accompanying the problem), 


Fig. 7.11 


the current passes through diode 2, resistor R, diode 2, 
and returns to the AC source through terminal | b, which 
has the minus” of the voltage at that moment. After the 
applied voltage changes sign, the current from terminal b 
passes through diode 4, resistor R, diode 7, and returns to 
the AC source via the negative lerminal a. Thus, the cur- 
mm ne ee R consists of a series of alternat- 

g S of sinusoids (Figure (a b ; value 
of the current over e A E Tis w omae em 


dee n any integral number of half-pe- 
2I ae 
lae oq Al, 2I i 
v= Fo } sin ot dt Te — = 0.6377, 
) 


w 
fore) 
tw 


In carrying out this calculation in accordance with the 
conditions of the problem, it was assumed that the volt- 
age drop across the diodes is negligible and that the recti- 
fication process does not alter the sinusoidal nature of 
the emf. As for the emf that is generated in the secondary 
winding of a transformer whose primary winding is the 
load resistance R, it must have two opposite symmetric 
seclions, since each half-period of the pulsating current 
has an ascending section and a descending section. An 
idealized curve of the voltage in the secondary winding 
of a transformer is shown in Figure (b). Actually, the 
curve is much smoother because of the inductance of the 
transformer, which plays the role of a choke coil, the in- 
lerturn capacitance, and other factors. The approximate 
shape of the voltage curve on the transient sections is 
depicted by a dashed curve. 

7.12. After the rectifier the current. branches out (see 
the arrows in the figure accompanying the problem). A 


Fig. 7.12 


fraction of the current flows through resistor R and a frac- 
lion is used to charge the capacitor. If the internal re- 
sistance of the source (Logether with the diodes) is low, 
then the voltage across the capacitor is equal to the volt- 
age at the "out" terminals. This occurs as long as the 
voltage is lower than the maximum of the pulsating volt- 
age. After the voltage passes the maximum, it falls off 
and becomes lower than the voltage across the capacitor. 
Because of this the capacitor will begin to discharge 
through the resistor, with the voltage across the capa- 
cilor decaying according to the law 

U = Uy exp (—URC) 


(the discharge current is designated by arrows in the ligure 
accompanying the answer). The greater the capacitance, 
the slower the decay, which continues until the voltage 
across the capacilor becomes equal to the growing vollage 
in the following half-wave. Then the capacitor is charged 
to the maximum of the voltage anew. The process 
continues in this manner. Thus, a capacitor in the circuit 
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makes the "out" voltage smoother, and the higher the 
capacitance the stronger the effect. The curve represent- 
ing the time variation of the current flowing through the 
resistor follows the voltage curve in parallel. 

7.143. For both directions of the emf applied to the trans- 
former, the current is limited by the diode introduced 
into the circuit in the blocking direction. This current is 


\ 


(a) 
& 


(b) 
Fig. 7.13 


caused by the motion of the 
carriers and reaches a plateau very rapidly as the voltage 
is increased. The diode introduced in the conducting di- 
rection does not limit the current. For this reason, the 
oscillogram of the current in the primary circuit has the 
form shown in Figure (a). Accordingly, the greater frac- 
tion of time in each half-period (in each direction) the 
emf induced in the secondary winding is zero. Only over 
small time intervals when the current passes through ze- 
2 coer an emf emerge, first in one direction and then in 
Lg = (Figure (b)). The oscillograms here are, of 

se, only rough sketches, since they do not take into ac- 
count the inductances in the transformer circuits Note 
that in modern semiconductor diodes the reverse current 


is negligible, with the result. the 3 pr is of pur 
ito Gee lat the problem is of purely 


7.44. In some respects this problem 


vious one. Here, too, the current in th 


limited to the saturation current 


minority (intrinsic) charge 


resembles the pre- 
e primary circuit is 
e T nn. in one of the diodes 
Me wig dd into the circuit in the conducting direction 
the re = in the blocking. In contrast to Problem 7.13, 

Present one possesses a special feature that manifests 
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itself in the initial section near the zero of the current 
in tlie circuit. While in a semiconductor diode the current 
increases with voltage almost linearly in the initial sec- 
tion, in a vacuum diode the voltage dependence of the 
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06 
02 
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Fig. 7.14 


current is described with sufficient accuracy by the three- 
alves power law J = KU}. 

Ae constant K incorporates universal constants and the 
distance between the electrodes in the diode. Since the 
Voltage varies with time according to tho sinusoidal law, 
the current flowing through the diode on gei ee 
lion of the voltage increase must be written in the 


I = KUP sin’? ot 


(the function f(a) = sin’? @ is depicted in Figute [QUE 
Mlowing for this dependence, we obtain the oscillogtams 
: Current in the primary circuit. (Figure (b)) and of the 
mf 1n the secondary circuit (Figure (c)). Just as in the 
Previous problem, we have not allowed for the effects 
Associated with the presence of inductances in the trans 
ormer circuits, 
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8. Optics 
8.1. If we introduce the notation l= f, 4 f, in the 
lens formula 
by dd 
ae fa F 
and perform simple manipulations, we get 


O R 
E 


To determine the minimum of 7, we nullify the derivative 
U — 2hn(ah—F)—R 
dí (a=)? i 

whence f, = 2F. 


8.2. The lens formula that allows for the parameters 
of the lens is 


1 C. 1 (8.24 
hrp h )( Ho )- p (8.2.1) 


(the sign of the radius of cury 


ature is determined by the 
direction from the surface 


and to the center of curvature). 


The ratio of the principal focal lengths is 
Fa Lo Hp—1 9 
eT (8.2.2) 


where we have allowed for the f 
vature of both lenses are the 
can be transformed thus: 


act that the radii of cur- 
same. Formula (8.2.1) 


ta 

h= j,i: 

On the curve representing the f, 
value of F is determined by the 
asymptote of each curve. Howey 
can be obtained by drawing a s 
through the origin at an angle of 
case the coordinates of the point 


straight line with the curves yield f, = f, = 2F for both 


lenses, while the ratios of these coordinates determine, 


via formula (8.2.2), the ralio of n,—41 to m 
8.3. The smaller the 
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vs. fı dependence, the 
position of the vertical 
er, a more exact value 
traight line that passes 
45° to the axes. In this 
8 of intersection of this 


aperture, the lower the optical 


distortions caused by the large width of the beam of light 
incident on the lenses of the objective. If the aperture is 
very small, the optical. properties of the camera closely re- 
semble those of a pinhole camera, whose aperture, in terms 
of geometrical optics, can be as small as desired and 


h 


Fig. 8.2 


whose depth of focus extends from zero to infinity. 
Actually, however, diffraction imposes certain restric- 
tions on this ideal case. The limiting value of the diam- 
eter of the aperture, D, is determined by the wavelength 
of the light and by the distance from the aperture to the 
photographie plate. Theoretical considerations suggest 
that D must be close to the value for which only one 
Fresnel zone fits into the aperture:* 


DzAV M. 


For instance, at A œ 0.5 pm and f zz 5 em, the diameter 
of the aperture is approximately 0.6 mm. Note that in 
photography the size of the aperture is characterized by a 
quantity known às the aperture ratio, or the ratio of the 
diameter of the aperture to the focal length. Usually the 
aperture ratio is marked by a fraction whose numerator 
is unity (1/4.5, 1/5.6, 1/8, 4/11). In the example we are 
discussing here the aperture ratio is equal to 1/80. In 
cameras the smallest aperture ratio is practically never 
less than 1/16, so that diffraction effects play no role in 
the present problem and need not be taken into account. 

* According to Rayleigh, the sharpest focus in a pinhole camera 


is achieved when the radius oi the aperture is 0.95 of the 
radius of the zeroth Fresnel zone. 
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i 1 "i ət- 
8.4. The solution can be found from simple se creel 
a i 55 F ^ i 
ric reasoning under common assumptions and appro: 
tions: 
sin œ, zz tana, Ya, SİN Qg X lan dy X Qs, 
alo. zz n, yia, 0, Yoldy S Ay. 
Whence, 
Ya 
yi an^ 
an : ravels in 
8.9. A ray thal enters the rod at an angle œ, travel 


the glass after being refracted at an angle p given by 
Snell's law: 


ay 


yr 4 
sin B = n^! sin a. (8.5.1) 


The ray falls on the lateral face of the rod at an angle tiet 
is not smaller than the critical angle. From the RREY 
accompanying the problem it follows that this angle i: 
a/2 — B. According to the critical angle condition, 


sin (1/2 — B) = cos p> n~. (8.5.2) 


. 5 
The maximal value of B at œ = x/2, according to (8.5.1); 
obeys the condition 


sin B = 1/n. (8.5.3) 


Squaring (8.5.2) and (8.5.3) and adding the squares, We 
get 


12 2/n?, 
whence 


nzy 2. 


The phenomenon of light "trappin 
in fiber optics. If the attenuation o 
Tay can travel over great dist 
form cables over which data c: 
and a low level of noise. In 


. "-— 1sed 
g” in a glass rod is widely t 

f light in the glass is To ers) 
ances. Bundles of such rods (or tracy 
an be transmitted with a high AA e 
: ternal organs of human beings cà at 
illuminated with the light transmitted by such fibers, NOBIS. ane 
present is widely used in medical practice for diagnostic purp 

8.6. The figure accomp 
after reflection from the 
direction by an angle of 
Second mirror the beam 
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anying the problem shows xs 
first mirror the beam changes, d 
2a, while after reflection from “i 
changes its direction by an à 


tional angle of 28. For the refracted beam to travel in the 
direction opposile to the direction of the incident beam, 
the sum 22 + 2B must be equal to m, or @ + f = 5/2. 


(0) (e) 


Fig. 8.6 


In this case the angle between the normals to the mirrors 
is 


0 — zx — (a 4- B) = x2. 


The angle between the mirrors must also be equal to 
2/2. 

If instead of the (wo mirrors we take a prism (see Fig- 
ure (a) accompanying the answer), then a beam incident 
on the base of the prism al an angle & will enter the prism 
at an angle B determined by Snell's law. For the refract- 
ed beam to leave the prism in the direction opposite to 
the one of the incident. beam after undergoing total inter- 
nal reflection from the lateral surfaces of the prism, the 
beam must fall on the base of the prism (after it has been 
reflected by the second lateral surface) at an angle 
Figure (a) accompanying the answer shows that the beam 
travels Lhe same path as in the case of two mirrors, where- 
by the angle at the apex of the prism must be equal to 
3/2. We see that a prism may also be used to reverse à 
beam. For the beam to retain ils energy after traveling 
through the prism practically for all angles of incidente; the 
lateral surfaces of the prism must be metalized. If san 

al mirrors are positioned at right angles, as shown In mio 
ure (b) accompanying the answer, it can be demonstran 
ed that the beam of light may be oriented with respec 
to the first mirror (on which it is incident) in an caper 
manner and yet the refracted beam will always be pue 
el to the incident one. Instead of three mirrors we can 
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use a glass tetrahedron with a right trihedral angle at the 
apex and identical metalized lateral surfaces in the form 
of right isosceles triangles (see Figure (c) accompanying 
the answer). A beam incident on the base of the tetrahe- 
dron is reflected by the metalized surfaces and Jeaves the 
tetrahedron through the base in the direction opposite 
but parallel to the one of the incident beam. An optical 
device of this type is known as a corner reflector. 

8.7. The intensity of illumination of a surface that is 7 
distant from the source and forms an angle œ with the in- 


cident ray is 
E sin a, (8.7.1) 


where J is the intensity of the source. At the edge of the 
table, according to (8.7.1), 


P Ih 
E= (R2 + h?)?/2 x 


To find the maxi j i ivative: 
nd the maximum of Æ we must nullify the derivative: 


dE (R24-h2)8/2— 3)? (R24 h2)1/2 
a d h2y on t i- 42) 0, 
Qr uy 


whence 


h=R/V 2. 
8.8. The ratio of the sines of the 


: angles is equal to the 
ratio of the speeds of light in the r d i 


media: 
sin &/sin a, = e/e,. 


The ratio of the waveleng i i 
t : avelengths is equ; — f the 
speeds of light: gths is equal to the ratio 0 


MA = tiles. 
Therefore à i 


A, Sina , 
sing, "t 
8.9. The opti ; 
inepta Sel path difference, which determines the 
Cannot he e c is: [8 — A Sin jag c 
'! gre; ; 

finis on pea a, the maximal possible number Hr 
OT z pw es ia from the middle of the screen (i.8- 
tts total : "€ OT Zy < zy) is equal to the ratio a/A, while 
of frin ^. ber of fringes is 26/2. Actually the numbe! 

ges that can be observed is considerably lowe" 
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since al z, —2,— « the interference fringes must lie in the 
plane in which the sources lic. 
8.10. As the source of light is positioned symmetrical- 
ly in relation to the mirrors, its virtual images appear at 
equal distances d from the 
source and, as the figure 
accompanying the answer 
shows, 

d — 2l cos (0/2). 
The source and its virtual 
images lie at the vertices 
of an isosceles triangle. The 
distance between the vir- 
tual images is 

a — 2d sin (0/2), Fig. 8.10 

or a ez 2l sin 0. 


esee 


The first interference fringes on a sereen that is L distant 
from the mirrors are separated by a distance of 


h = XLla, 


and, hence, the smaller the value of 0, the greater the dis- 
tance h. 

8.11. Since equal phase differences correspond to equal 
oplical path differences, we can write 

(Za — 2,)/A = const, or 2, — 2 = nh, 

where n is an integer. A surface whose points possess the 
property that the difference in the distances from any 
point to two fixed points (the foci) is a constant, consti- 
tutes a hyperboloid. The section of this hyperboloid by 
any plane containing these sources results in two branches 
of a hyperbola. The sections of the hyperboloid by planes 
that are perpendicular to the straight line which passes 
through the middle of the segment connecting the sources 
are also branches of hyperbolas. For this reason, the 
obseryed interference fringes have the form of hyperbolas. 
8.12. When light is reflected from the upper boundary 
of each film, the phase of the wave changes to the opposite 
or, as it is usually said, a half-wave is lost. The light that 
passes through the film is reflected by the substrate, which 
in one case has a refractive index greater than that of the 
film and in the other, smaller than that of the film. When 
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nə >n, a new change in the phase of the reflected wave 
to the opposile one occurs, while when n, < n. the phase 
of the reflected wave is retained. For this reason, the 
places on one film where light is observed correspond to 
the dark places on the other film. and vice versa. 

" 8.13. The — difference 
between: neighboring in- 
lerference fringes in air 
is determined by the 
relationship 

Mo = Adl? tana, 
while for a liquid this 
relationship is 

a = À/2 tan œ: 


Since 4 = Ap/n, we can 
wrile a = an. : 
8.14. Interference — is 
caused by the difference 
in paths of the light rays 
that forms in the space 
between the lens and the 
cylinder. The interference 
4 fringes constitute bands 

of equal width. 
Let us introduce a sys- 
(0) lem of coordinates. One 
axis, the z axis, is direcl- 
ed along the Lagen 
ses of the cylinder tha 
rind oe the point at Which the lens touches the 
om Ti = v the second axis, the y axis, is al right 
accompan ne pce talior discussed above (see Figure (a) 
perpendicalas ns ie EBEN We draw a plane that 15 
from the Origin. Fi o (p S and passes aL a eee ; 
by tlie plane (cu RUP (b) shows the seclion of the M^ » 
the plane (cur k 7) and the section of the cylinder sd 
section of the de. The same figure demonstrates us 
t axis and Dien JY à plane that is perpendicular m a 
Curve 3), Brom Foe ts the lens along its diameter (das » ü 
Uween the lens Apure (b) it also follows that the gap ^t 

e lens and the cylinder is 


h- hy—h,— D 


Fig. 8.14 


g*-- yt 
2H. 
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Here, as usual, we assume the following approximations 
lo be valid: 


p= y 2n, y=V 2n. 


Alter. carrying oul the appropriate transformations we 


get 


x" j y? I un d m 
SH | Oh [5 me) ts (8.14.1) 


If we introduce the notation a? — 24,4 and bè = 
2ZhR RR, — Ry), then (8.14.1) assumes the form 


The interference fringes have the shape of ellipses (see 
Figure (c) accompanying the answer) in which / is a pa- 
rameter. In reflected. light, k = (2k -}- 1)/A (with hk 

0, 1, 2, 3, ...) for bright bands and kh = kA for dark. 
8.15. The section of the cylinder segment by a plane 
parallel to the plane of the drawing is everywhere the 
same. For this reason, all points that have the same path 
difference for the ray reflected from the lower surface of 
the cylinder and the ray reflected from the upper surface 
of the plate lic at the same distance from the cylinder’s 
generator that. touches the plate, with the result that the 
interference fringes are in the form of straight lines 
Parallel to the generator. The method of determining the 
distances between the sequential fringes closely resembles 
the method of determining the radii of Newton rings. The 
distances from the generator that touches the plato satisly 
the same conditions as the radii of Newton rings do, 
namely, 


hay m 5 


for bright bands in reflected light and dark bands in 
transmitted light, and 


h= y Rak 


" i ands in 
Ton dark bands in reflected light and bright bands i 


transmitted light. As we move away from the generator, 
n distances beriveči neighboring bands become smaller, 
Just as the radii of Newton rings do- 
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8.16. The width of the air gap between the lens and the 
plate is the sum of the thickness of the lens section and 
the particle thickness: 


r? 
h—hy+a= 35-4 a, 
where ris the radius of the ring being observed. A bright 
ring whose number is A is observed at 


23k X 
RN CE m 
Thus, 


POR pa: 


If the numbers of sequential rings are laid off on the 
horizontal axis and the square of the radii of the corre 
sponding rings, on the vertical axis, we obtain a straight 


n line (see the figure accompanying 
the answer) whose slope is equal 

| to the ratio of the difference of 

| PI squares of radii of two neighbor- 

PATET ing rings to the product AR, 


[RN a K that is, (rj — rj AR. Knowing 
oT R, we can find A. Note that 
Pi Sue in this method there is no differ- 
i P ence between bright and dark 
rings, and knowing the exact number of a ring is nol 
necessary. For this reason, in the figure accompanying 
the answer we have assigned a number X to an arbitrary 
ring, while the numbe 


: rs k — 1 and k + 1 are assigned to 
the neighboring rings. : ind Æ + 1 are assig 


8.17. To construct the 
a number of straight line 
a way thal the distances 


interference fringes, we draw 
s parallel to the plate in such 
ee between them along the vertical 

e al lo one-half of the wavelength. The points 
at which these straight lines intersect. the substrate (in 
cluding the surface of the ledge) determine the position 
of the interference fringes of equal width. Analyzing the 
iuis ien qu ee obtained here, one can establish 
pansing e bn or di e figury neam 
the fringes Problem, on ght) the distance betw à 

inges, or bands, is smaller (lor any value of 9) 
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than over the flat sections of the substrate. The distance 
between the fringes from the narrow side of the wedge 
(on the left) can be either smaller or greater than the 
distance over the flat sections depending on the relation- 
ship between 0 and «. For 
0>a (see Figure (a) ac- 
companying the answer), 


0-224 p. 


The left side of the ledge 
acts as a substrate and 
forms an angle B with the 
plate, that is, a wedge. If 
0> 2a, then fp >a and 
the distance between the 
fringes is smaller than that 
between the fringes over 
the flat section of the plate. 
This case is depicted in 
Figure (b) and corresponds 
to the case depicted in the 
figure accompanying the 
problem. But if 0< 2a, we have p <a and the fringes above 
the left side of the wedge are separated by a distance 
greater than that separating the fringes over the flat 
section of the plate. For 0 < & (see Figure (c) accompa- 
nying the answer), the left side of the wedge also acts 
as a substrate and forms a wedge with an angle B < a 
with the plate. In this case, t00, the distance between 
the fringes is greater than that between the fringes over 


the flat section of the plate. . 
8.18. The interference fringes ! 
bands of equal width. Ledges dit 
crease the width of the air gap W 
of rays is formed. For this reason, at S 
the path difference is the same as al the points of the 
wedge closer to the narrow part of the gap, while at the 
points of a dent the difference is the same as at points 
closer to the wide part of the gap. For this reason, the 
interference pattern depicted in Figure (b) accompanying 
the problem corresponds to a ledge, while that depicted 


in Figure (c) corresponds to a dent. 
8.19. The intensity of illumination at the center of the 
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Fig. 8.17 


n the wedge constitute 
ninish, while dents in- 
here the path difference 
the points of a ledge 


second screen is determined by the number of Fresnel 
zones into which the section of the wave surface limited 
by the hole in the first screen can be partitioned. If this 
number is not large and is even, the light is practically 
absent from the center, while if the number is odd, light 
is observed at the center. If a is the diameter of the hole, 
X is the wavelength of the incident light, and z is the 
distance between the screens, the number of Fresnel 
zones is determined by the expression 


k = a?/AMz. 


As the distance between the screens is increased, the 
number of zones assumes allernately odd and even values, 
and this is accompanied by an increase or a decrease 
in the illumination at the center of the diffraction pattern. 
Since the number of zones continuously decreases as 2 
gets larger and larger, the limit distance is the one al 
which Æ becomes equal to unity, that is, 


z = aAA. 
At a distance greater 


a than this value, the intensily decreases 
monotonicall 


mor y and for z > a?/42, the intensity changes 
1n inverse proportion to z?, that is, just like for a point 
source. 


8.20. When the central Fr 


M esnel zone and several neigh- 
boring zones are screened, tl 


he light intensity at the center 
of the geometric shadow is egt the eee ln if one-half 
of the first nonscreened zones was acting. The calculation 
1s carried out in the same manner as when there is no 
obstacle, the only diflerence being that the calculation 
of the overall action of the Fresnel zones starts not from 
the zeroth (or central) zone but from the first nonscreened 
zone. Therefore, a bright spot is always observed at the 
center of the screen irrespective of the distance to the 
obstacle or of the wavelength of the light wave (the only 


requirement is that the number of zones screened by the 
obstacle be moderate) l 


A theoretical descripti i 

scription of the formation of a bright spot at 
bise qe. the geometric shadow was first carried out by Poisson, 
he aested m an objection against the wave theory of light, since 
ment carried mie spot could simply not exist. But an experi- 
does andeen site Tago proved without doubt that such a spot 


Actually, this t i 
hundred years enrii Y» ‘iis spot was discovered roughly à 
later named the Po Soe Curiously enough, the spot was 
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8.21. The maximum condition in the spectrum of a 
diffraction grating is 
csin q = kh. 


Longer wavelengths correspond to larger angles. The 
figure accompanying the question shows that the position 
of the second-order maximum of the line Ag is close to 
that of the third-order maximum of the line A. Therefore, 
c sin p = 2A, 2 Ay. Whence, Alh = 1.5. 

8.29. The condition for a first-order diffraction maxi- 
mum to occur is 

c sin p; = 4. 


For the highest-order maximum we have c sin Pm = k^, 
whence 
sin Pm 


kn == 
"m sin Q1 


Since the value of sin @ cannot exceed unity, 


À (8.22.1) 


Faq." 

If km contains both an integral part and a fractional 
part, the latter must be discarded irrespective of its 
value. For instance, if in the first order the line is observed 
at an angle of 8.367, formula (8.22.1) yields lg ~% 6.88. 
The maximal order, therefore, is A = 6. 

8.23. The angles that determine the position of the 
first maximum for both gratings are the same, which means 
that the gratings spacings are the same. To estimate the 
resolving power, we must find the ratio of the wavelength 
at the maximum of a line to the difference between this 
wavelength and the wavelength corresponding to a neigh- 
boring minimum. For small angles the sine function may 
be replaced with the angles, so that 


p c 
Pmax ^ Amax: Pm ~ Amin: 


The resolving power, 
A 
ô 


— — 
— Li 
Amax— Amin 


is equal approximately to 25 for grating Z and 10 for 
grating 2. 
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8.24. The resolving power of a graling is 
6 — kN, (8.24.1) 
where N is the general number of lines (or grooves). and 
k is the order of the spectrum. The maximal resolving 
power is determined by the maximum possible order ol 
the spectrum: 
" 13.8 
gay = cls (8.24.2) 
Substituting (8.24.2) into (8.24.1) yields 
ô = cN/A. (8.24.3) 
Since the product cN is the same for both gratings and the 
observed spectral lines are the same, the resolving power 
of the two gratings must also be the same. A small differ- 
ence in resolving powers determined via (8.24.3) can be 
caused by the fact that the exact form of (8.24.2) must be 


kmax x clh, (8.24.4) 
whence 


(8.24.5) 


Since only the integral parts are taken in (8.24.4) and 
(8.24.5), the values of max of the two gratings may differ 
somewhat. 


Fig. 8.25 

8.25. The path difference. between the rays from two 
neighboring slits is determined, as illustrated by the 
ig 


ure accompanying the 


answer, for direction / by the 
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difference between the segments AB and CD, and for 
direction 2, by the difference between AB and CD,. 
Accordingly, the path differences for directions 7 and 2 
are 

6, = d (sin 0 — sin g,) and ô, = d (sin gy — sin 0), 


or 


ies ( oa ) sin = ) 


s i .[ 9-03 Y q1—0 
Oe 2d cos ( 5 ) sin (== ; 


Thus, the diffraction maximum conditions can be written 
thus: 

2d cos ( 9 zur ) sin ( ;n ) = kh, 

2d cos ( fars ) sin ( € ) = kh. 


In the first approximation we can assume that 0 + pı © 


(Py + 0 œ 20. Hence, 


dcos 0 x (0 — pı) z kà, dcosO X (Pa — 0) z kh. 
(8.25.1) 


This formulas have the same form as for the case of normal 
incidence of light on a grating with spacing d cos 0. 
The maximum order of the spectrum 1n which the wave- 
length A is observed is 
k = d cos 0/^, 


while the longest wavelength (k = 1) is 


& = dcos 0. 
The dispersive power can be conveniently ex pressed i 
terms of the angle with respect to the direction y the 
[ » , 
zeroth maximum, 0 — Pı and qs — 0. If by sp ve ono a 
these differences, which are close in absolute value, we 
find that 
dp k 
eso 
d d cos 0 cos Y} 


At angles 0 close to 90°, the dispersive power E lonas dl 
may be considerably higher than for normal incidence 
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light on the grating. Ilowever, the mapun Pisos 
power is 1/XA cos ap, just as for normal inc ic ence. € 
8.26. If we assume that the diffracted rays vaio E v 
in the plane of the grating just like in a mirror sede. 
figure accompanying the answer), we arrive at : a é an 
similar to the one obtained in the answer to Problem 8.25. 


Fig. 8.26 


Just like in the case of oblique incidence of the rays on 
the grating, the dispersive power increases with a coef- 
ficient of (cos 9a, 

8.27. Accordin 
flected from 
when the t 


g to Brewster's law, w 
a dielectric, 
angent of the ang 


hen light is re- 
complete polarization occurs 
le of incidence is equal to the 
refractive index of the medi- 
um reflecting the light. Since 
when light propagates in air 
and falls on a dielectric the 
refractive index is always 
grealer than unity, we have 

bana > 1, or a > 45°, 
Fig. 8.28 8.28. Refracted light is po- 
larized only partially. Light 
that is practically completely polarized can be obtained 
if one uses a slack (see the figure accompanying the answer) 
of parallel plates whose surfaces are oriented al the Brew- 
ster angle to the incident light, Light becomes partially 
Polarized as it is refracted by the first plate, and as it 
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travels from one plate to another, it becomes more and 
more polarized. 

8.29. The ratio of the wavelengths is determined by the 
ratio of the speeds of propagation of the two waves: 


Melo 2 CelCo- 
At the same time, 
CoCo = sin De sin Bo. 
Hence, 


AA, = sin B,/sin Bo, Ae > Ao: 


8.30. The figure accompanying the answer shows the 
t . = . . is =, . 

directions of the incident and scattered light and the 
planes in which the oscillations of the electric field vector 


b 


Fig. 8.30 


lie. In the scattered light the oscillations must occur 
simultaneously in plane a, which is perpendicular to 
direction Z, and in plane b, which is perpendicular to 
direction 2. This, obviously, may happen only if the 
oscillations take place in the directions designated by 
arrow 3. The blackening of the walls of the pipe, which 
was mentioned in the statement of the problem, is nec- 
essary so that no reflection can occur, since otherwise 
various directions of propagation of the light might 
become possible. 
8.31. In the direction of the optic axis, the speed of 
propagation of the extraordinary and ordinary waves 
is the same and therefore the axis is perpendicular to the 
plane tangent to both wave surfaces at the point where 
the surfaces touch. In the first case (see Figure (a) accom- 
panying the problem) the optic axis is parallel to the 
crystal boundary, while in the other (Figure (b)) it is 
perpendicular to the boundary. Since in all directions 
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except the optic axis the speed of the extraordinary wave 
is higher than that of the ordinary, by the common no- 
menclature the crystal is negative. 
8.32. After the light has passed through the first. Nicol 
prism, ils intensity becomes Z, = (1/2) Z, (it is assumed 
that the extraordinary wave loses no inlensity when il 
is reflected and when it travels through a Nicol prism). 
& According to Malus’ law, after the light 
has passed through the second Nicol 
prism the intensity becomes 


I, = f, cos? 0 = (1/2) Io cos? 0. 


The figure accompanying the answer 
shows the direction of oscillations of 
the electromagnetic field vector in the 
electromagnetic wave after the wave has 
passed through the first Nicol prism, 
E, and after the wave has passed 
through the second Nicol prism, £y. In the reverse direc- 
tion the electric field vector will be retained after the 
reflected wave has passed through the first Nicol prism 
but will change to FE,cosO after the wave has passed 
through the second Nicol prism. Accordingly, the inten- 


sity after the light has passed through the two Nicol 
prisms in both directions will be 


I, = I, cos? 0 = I, cost 0 = (1/2) I, cos! 0. 


8.33. The sense of rot 
depends on the direction 
to the direction of the 


ation of the Polarization plane 
of propagation of light in relation 
e external magnetic field. For an 
overwhelming majority of substances (“posilive” sub- 
Stances), the rotation is clockwise (looking in the direction 
of the ray of light) if the direction of propagation of light 
corresponds with that of the external magnetic field, and 


counterclockwise if the two directions are opposite. If 
the directions of the light ray and the external magnetic 
field coincided when the light passed from the source to 
the mirror and, therefore, the polarization plane rotated 
clockwise, after the light is reflected by the mirror the 


directions of the light ray and the external magnetic 
field are in opposi 


Position and the polarization plane rotates 
counterclockwise. If one views this process from the 
mirror, the rotation sense coincides with the clockwise 
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rotation of the polarization plane when light passes in 

the primary direction. As a result, the two rotations are 

added and the angle doubles. 

8.34. In the Kerr effect, the difference of the refractive 

indices of the extraordinary and ordinary waves obeys 

the law i ] 
Ne — No = kE?, (8.34.1) 


where f is a constant characterizing the medium. Since 
the electric field strength is squared in (8.34.1), the 
difference zn, — n, does nol depend on the direction of 
the electric field. The optic axis in nitrobenzene coincides 
in direction with the electric field vector. The path differ- 
ence between the ordinary and extraordinary rays, 


6 = 1 (ne — no) = KE 


(1 is the length of the light path in the nitrobenzene), is 
also independent of the direction of the electric field 
vector, whereby the optical pattern caused by the emerg- 
ing elliptical polarization will not change under reversal 
of direction of electric field. 

8.35. According to classical theory, when a source of 
electromagnelic waves moves toward the observer, the 
ralio ol the perceptible frequency to the frequency of 
the light emitted by a fixed source is 

1 


1—p ' 


V 
Vo 


ed of the source to the speed of 
of relativity, this frequency 
the source or the observer 


with B the ratio of the spe 
light. According to the theory 
ratio does nol depend on whether 
is considered fixed and 

Vir a 1b 
dà —— y 1—P ' 


The vi r-l0-Vve ratio is given by the formula 


Hence, the upper curve corresponds to classical-theory 
results, while the lower curve corresponds to the theory- 
of-relativity results. For p&i the difference between 
the two formulas is moderate (e.g. al p 0.1 the di ffer- 
ence amounts only to 0.5%). 
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8.36. The ratio of the ion velocity lo the dendo RE 
B = vle, in the case at hand is of the order s iet is] 
such values of p the difference between the ieu ied sn 
relativistic formulas for the Doppler effect is nee. 
If the source moves with a velocity v, the waveleng 
of the light measured by the receiver is 


) = Ag HVT = dg (1 £ vie). 


Here 24 is the wavelength of the light emitted by a ie 
source, and the plus sign corresponds Lo the case w pn 
the source is moving away from the receiver, while l E 
minus sign corresponds to the case where. the arura E 
moving toward the receiver. The difference in wavelength: 


i sma in 
measured from both sides of the tube with the plasma ir 
which the ions move is 


AX = 23, (vlc), 


which yields the following formula for the velocity of the 
lons: 


_ AL 
— Ps: 


Since the ions have different velocities, each observed 
spectral line is blurred, or broadened. The maxima 
intensity corresponds to the most probable velocity: 
while the extent to which the line is blurred characterizes 


the velocity distribution of the directional motion of 
the ions. 


v C. 


8.97. Since the velocities of atoms are much lower than 
the speed of light, we can employ the classical formulas 
for the Doppler effect. As shown in the answer to Pro» 
lem 8.36, the difference in the wavelengths of the waves 
emitted by two identical sources that move with velot 
ities of the same absolute y 


Nervae jite 
alue but pointing in opposi" 
directions in rel 


ation to the receiver constitutes 
Ah = 2X, (vle), 


where A, is the wavelength of the w 
source, and c is the speed of light. 
the atoms move with 
with the Maxwelli 
temperature, the 1 
the direction of hi 


ave emitted bya fixed 
In a light-emitting 825 
different velocities, in accordant 
an distribution law. The higher Ks 
nore extended is the distribution ! 


T CHOR 
gher temperatures, therefore the highe 
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the temperature, the broader the spectral line. Hence, 
curve 2 corresponds to a higher temperature. 

8.38. In accord with the Doppler principle, the distri- 
bution in wavelengths of the intensity of the emission 
lines of excited ions reflects the velocity distribution of 
the ions (and hence the energy distribution of the ions, 
too). However, this distribution cannot be associated 
with the temperature of the gas. The fact is that the 
motion of ions in Lhe discharge plasma (which is the source 
of radiation emitted in the tube) is highly anisotropic; 
this anisotropy is determined by the electric field strength 
in the tube. The electric lield in the tube has a radial com- 
ponent directed from the axis to the wall. On the axis 
this component is zero; it increases as we approach the 
wall. This field imparts a directional velocity to the ions. 
Thus, the left half of the curve in Figure (b) (shorter 
wavelengths) corresponds to the ions moving away from 
the axis Loward the spectrograph, while the right half 
corresponds to Lhe ions moving away from the axis in the 
opposite direction. 

8.39. According to Kirchholl's law, the ratio of the total 
emissivity of a heat radiator to the absorption coefficient 
(immissivity) of that same radiator is the same for all 
objects, constitutes a universal function of the tempera- 
ture, and is equal to the total emissivity of a black body: 


erlar = Er. 

Hence, an object with a higher absorption coefficient has 
a higher emissivity and, therefore, it loses the energy 
acquired during heating at a higher rate. Curve Z (see 
the figure accompanying the problem), therefore, repre- 
sents the change of temperature in cooling for the object 
with the lower absorption coefficient or, in other words, 
curve 2 represents the cooling off of the object with the 
higher absorption coefficient. 

8.40. The average kinetic energy of a molecule of the 
gas in translational motion is 


w= ES kT, 
Where & is the Boltzmann constant. ]f the concentration 


of the molecules in the gas is n, the volume density of the 
energy of the molecules is 


ig + nkT. 
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The volume density of the energy of blackbody radiation, 
according to the Stefan-Boltzmann law, is 


4g 
p= T3. 
If we set Um equal to urp we get 
ke (ike e 8.40.1) 
-- ( 


We will illustrate the above result with two pni a 
First, suppose that the concentration of the Hu 
is the same as that at S.T.P. conditions (T = A d 
p = 101325 Pa). This concentration (the _Loschmi¢ 
number) n is equal to 2.686 x 10% m-3, Substituting into 
(8.40.1) the values Æ = 1.3807 x 10-3 J/K, as 
2.9979 X 10* m/s, and c = 5.670 x 10-5 W-m-K74, 
we find that 


T — 9.03 x 105 K. 
Under these assumptions, the gas pressure is 
D = nkT = 3.35 x 109 Pa = 3300 atm. 
In the second example, we wish to find the pd 
tion of the molecules of the gas if the tem perature at which 
the energy density of the translational motion of the 


molecules is equal to the energy density of electromagnetic 
radiation is to be equal to 0 °C. Equation (8.40.1) yields 


n = 7.42 x 104 m=, 
This concentration yields the follow 
pressure of the gas: 

p = 2.8 x 10-* Pa. 
8.41. The emissive 
interval is 


ing value for the 


power over a definite wavelength 


AE, Ej dA. 
aa 


Since the integral is the area under the curve limited 
by the ordinates corresponding to the lower and uppe! 
values, the emissive power per each interval is the same- 


The energy of the quanta corresponding to greater wave- 
lengths is lower, 


whereby even for the same emissive 
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power there are more quanta of lower energy (i.e. referring 
to Sa). 

8.42. Contrary to Wien's displacement law, the maxi- 
inum in the blackbody radiation distribution corresponds, 
lor a higher temperature, to a longer wavelength rather 
than to a shorter wavelength. 

8.43. The relationship that exists between the radiation 
function and the volume radiation density is 


Eyr = uela. . 


The radiant emittance over the frequency range from v, 
to v, is determined by the integral 
v2 
AE, = f Eyr dv, 


Vi 


and, hence, the volume radiation density over the same 
range is 


8.44. The thermal radiation emitted by a body cannot 
exceed the blackbody radiation over all possible wave- 
length intervals. Contrary to 
this theoretical fact, the ex- 
perimental curve contains a 
section that lies above the 
curve representing blackbody 03+ 
radiation. 

8.45. According to Kirch- 
hoff's law, 


o M à a 
Fig. 8.45, 


ela, = Em 


where Æ, and e; are the res- 
pective radiant emittance of T 
a black body and a given object (which is not a black 


body), and a; is the absorption coefficient of the object. 
Therefore, the ratio of the ordinates of curve 2 to those 
of curve Z yields the value of a; for each wavelength. On 
the segment from 4 = 0 to M the value of a, remains 
constant and equal to 0.5. The same happens on the seg- 
ment from à, to à = oo. On the segment from A, to he 
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the value of a; passes through a minimum, as shown in 
the figure accompanying the answer. 


8.46. Since 


dE _ d£ da c 
By == dv ’ E, dX. ? and dv — ee 
we have 
dE dA c dE c 
hca a e 


To compare the maximal values of Æ, and Æ,, we take 
the derivative 

dE, 2c r; ec dE, è dy e dE, 

dy vs Ey v dy ys (22, xi v da Ji 
At the maximum of Z; the second term is zero while the 
first is not. Thus, at the wavelength Am the frequency 


£^; (I) 


03 


02 -$ 


01 


20 22 24 26 28 30 a 
Fig. 8.46 


does not correspond to the one at which E, is maximal. 


The maximum occurs at dE,/dà negative, that is, in the 
section where E, is falling off. 


To find the frequen 
we must take the de 
respect to v, or 


hy hy3 
dE, — 2uh ave [exp ( kT ) 1] ET exp ( x ) 


hy 2 E 
Lex (57. -1] 
Nullifying this deriv 


É alive, we arriv tal 
equation for hv/kT: 3 ve at a transcenden 


CY Vm at which Æ, has its maximum, 
rivative of the Planck function with 


ehv/hT (35— 4) = 
308 


This equation can be solved graphically by constructing 
two functions, 
y; — eT and Yo = 4 — hwI3kT. 


An approximate determination (via the intersection point 
of the two curves) yields a value of 2.82 for hvy/kT. 


A more exact calculation yields 
hym/kT = 2.8214, 
or 
hym = 3.896 x 10-9 T. (8.46.1) 
From (8.46.1) it follows that Wien's displacement. law 
can be written in the form 
vg = 5.879 x 10" T. 


The frequency vm corresponds to the wavelength (we de- 
note it by A (vm)) 
X (vm) = 5.10 x 107 TA 


Thus, 
A (Vm)/Àm = 1.760. 


8.47. The volume density of the energy of blackbody 
radiation over the frequency range from v to v + dv 
is determined from the Planck formula 
33 
8athv 1 dy: 


dier ANT ee 


e hy 
TE 


The energy of each quantum in this range is kv. Thus, the 
distribution function for the number of quanta over the 
energy of one quantum has the form 


dn 82 (hv)? 1 8.47.1 
dhv ^^ cm — exp[Av/RT)—1 ' (8.47.1) 


Introducing the dimensionless parameter & = hv/kT, 


we can represent (8.47.1) in the form 


dn Su? mg 07 8.47.2) 
n= gy ene dro í 


nod 


The total "concentration" of the quanta can be obtained 
by integrating (8.47.2) with respect to œ from zero to 
infinity, and the result is 


(8.47.8) 


The integral in (8.47.3) can be reduced to tabulated fune- 
tions (it can also be evaluated by expanding it in a power 


series). The value of the integral is 2.404, with the result 
that 


4 47 c3 9” € qj 
n= EXAM 7s _ 9 098 x 107 T3. 
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In relative units of (1/n) dn/da, the ene 


rgy distribution 
function for the quant 


a is presented in Figure (a). 


dn 
€ 9 (1-5) 
02 " 
01 as 
04 
UE ET ME EI UO o0 — gà — a aw A 
ia W 
Fig. 8.47 
Since the total energy density of blackbody radiation 
energy is 


4 
u= TA = 7.57 x 10716 pa 


(c is the constant in the Stefan-Boltzmann law), knowing 
me total number of quanta (see formula (8.47.3)) we can 

etermine the average energy of a single quantum: 

7.57 í 

hyay = anon X 10?7 = 3.73. 10-37 = 2.70k7. 
qe distribution function given by (8.47.2) enables finding 
iu isis of the “most Probable” quantum, that is, the 
ia moa whose energy corresponds to the maximum in 
IStribution function. To this end one must nullify 
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the derivative dng/do. This leads to the transcendental 
equation 
(2 — a) e = 2. 


An approximate graphical solution (Figure (b)) yields 
a = 1.6. A more exact value is @ = 4.594. Hence, 


hvy = 1.594kT. 


In the answer to Problem 8.46 it was shown that the 
energy of the quantum corresponding to the maximum 
of the function Eyr is hvm = 2.8214k7. Wien's displace- 
ment law can then be used to determine the energy of the 
quantum corresponding to the maximum of the function: 


hey (m) =“ T = 6.85547. 


Note that the average kinetic energy per one degree of 
freedom of an ideal gas is w = 0.5kT. 

8.48. At first glance it appears that the question is 
meaningless. Just think, how can one heat something 
that does not exist? Actually, however, space is always 
filled with electromagnetic radiation, whose energy is 
determined by the Stefan-Boltzmann law: 


(Te. (8.48.1) 


c 


If we imagine a region in space bounded by a shell that 
radiation cannot penetrate either from the outside or 
from within (and inside the shell a perfect vacuum 18 
maintained), then the electromagnetic radiation inside 
the shell must be in thermodynamic equilibrium with 
the shell. To raise the temperature of the shell, we must 
supply an amount of heat determined not only by the 
heat capacity of the shell but also by the necessary 1n- 
crease in the density of energy of the electromagnetic 
radiation inside the shell. If we define the volume specific 


heat capacity as 


4 dQ du 
Cyl ^y dT ar 


and use formula (8.48.1) to find the derivative, We get 


160 T3. 


Cqol— c 
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8.49. If the intensity of the light is 7. the number of 
photons of monochromatic light incident every second 
on a surface of unit area is 

N = Tiy. 


The momentum of each photon is v/c. When hitting the 
surface, a photon transfers a momentum Zv/c to the surface 
if it is totally absorbed or a momentum 2hv/c if it is 
totally reflected. The pressure exerted on the surface is 
equal to the sum of all momenta transferred to the surface 
per unit time. In the case of absorption, 


while in the case of reflection, 


91 h I 
=) = 
pa 2 a LL d. 
If a fraction of 1 


he photons are absorbed and the rest are 
reflected 


» the latter process being characterized by a 
reflection coefficient R. then the 
pressure exerted by the light on 
the surface is 


I 
p M +R). 


This formula coincides with (8.49.1). 
which was obtained on the basis 
of the electromagnetic theory of 
light. 
8.50. Let us assume that such 
radiation has been obtained and 
is directed onto a mirror (that is a 
paraboloid of revolution, with the 
--— rays of light being strictly parallel 
to the axis of the Paraboloid (sce the figure accompanying 
the answer). Since Planes that are Perpendicular to the 
rays are wave surfaces, al] points in a single plane are 
e: rhe same phase of oscillation (irrespective of the nature 
(ait e pscilation). All rays parallel to the axis converge 
aey um reflected) at à geometric point that is the 
s p € paraboloid. The geometrical properties of 
dut 3 a imply that the sum of distances from any 

in a plane that is perpendicular to the axis to the 


312 


ibola to the focus is a constant. 
This means that the oscillations that arrive at the focus 
from all points in a wave surface are in phase. Hence, all 
radiation that travels to the paraboloid will be concen- 
trated at a single point and the volume energy density 
of the radiation will become infinite at that point. This 
would make it possible to obtain (theoretically) infinite 
local temperatures at a finite temperature of the radiation 
source that provides the flow of plane waves. 

The picture can be reversed, that is, we may ask our- 
selves: what requirements must a source meel for it to 
produce a stream of plane w res? Taking into account 
the reversibility of light rays, we conclude that such 
a source must be concentrated al a geometric point. Al 
present quantum electronics can produce radiation with 
extremely low angular divergence, something on the 
order of 107? or even 10-8 of one second of the arc and, 
respectively, with colossal local power outputs. But even 
in this case the rays in such radiation cannot be con- 
sidered strictly parallel. 
8.51. The photon energy transferred to an electron in the 
melal is used to overcome the potential barrier at the 
boundary of the metal (the work function P) and part 
of it is lost inside the metal. In addition, one must bear 
in mind that nol only the electrons that occupy levels 
lying near the Fermi level participate in the photoeffect. 
In addition to these, there are electrons that move some- 
what slower and, hence, require for their liberation ener- 
gies greater than the external work function. Therefore, 
Einstein’s equation can be written in the form 


hv=A+P4 W, 


parabola and from the par: 


the term characterizing the energy Josses 
additional energy necessary for 
the Fermi level to become 
liberated. The photoelectrons that escape from the surface 
of the metal have the maximal energy (A = 0); the initial 
energy of such electrons corresponds to the Fermi level: 


Wm = hv — P. 


where A is 
inside the metal and the 
the electrons lying below 


8.52. According to Einstein's equation, 
hy = P + mvq/2, 
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where Vm is the maximal energy of the photoelectrons, 
and P is the work function of electrons ejected by the 
cathode. To stop the photoelectron current, we must 
apply a stopping potential no smaller than Ustop, which 
is determined from the equation 

mvin/2 = eUstop, 
where e is the electron charge. Thus, 

hy = P + eUgtop. 


For a known value of e, the slope of the straight lines, 
dU gtop/dv = h/e, determines the Planck constant. The 
straight lines are different because they correspond to 
cathodes with different work functions. The work function 
can be determined either by the point of intersection of 
a straight line (for a particular cathode) with the hori- 
zontal axis, 
P = hvi 


(with v, the photoelectric threshold), or by the point of 
intersection of the straight line with the vertical axis, 
P = —eU opo 
8.53. According to the hypothesis, the illuminated elec- 
trode emits photoelectrons whose maximal energy is 
Wm = heli. — P, 
which makes it possible to think of the system as an emf 

source, with the maximal value of the emf being 
€ = We. (8.53.1) 
This source can generate a cu 


rent is determined by the 
electrode but c 


| current in the circuit; the cur- 
intensity of illumination of the 
annot exceed a value of 

Im ii EIR. 


At the same time, the current cannot exceed the value 


I = Ne, 
where N is the number of electr 
per unit time due to illumin 
light. Since according to (8. 
80 is the value of R, the 
sidered as 


914 


ons ejected by the cathode 
ation of the cathode with 
53.1) the emf is constant anc 
, interelectrode gap may be con- 
a resistance ryae whose value is the smaller 


the greater the intensity of the light. In darkness this 
resistance is infinite. Bearing all this in mind, we can 
write 


f= GAB + Fea 


8.54. The stopping potential difference, that is the vol- 
tage at which the photocurrent ceases, is the same for 
both cases. This potential difference determines the 
maximal photoelectron energy and equals the difference 
between the photon energy and the work function; hence, 
the emission frequency for the two sources is the same, 
and the sources differ only in the intensity of the radi- 
ation they emit. 

8.55. According to Einstein’s formula, the work func- 
tion is equal to the difference between the photon energy 
and the maximal kinetic energy of the photoelectrons: 


P = hv — miy2. 


The higher the maximal energy of the photoelectrons, 
which energy is equal to the maximal stopping potential, 
the lower the work function. In the case at hand, the 
cathode whose current-voltage characteristic is repre- 
sented by curve 2 has a higher work function. 

8.56. The point that an electron can reach thanks to 
their initial kinetic energy is determined only by the 
value of the stopping potential difference. Irrespective 
of the distance between the electrodes, the point is always 
at the middle of the interelectrode gap, and only such 
a distance can the fastest electrons leaving the cathode 
cover. 

8.57. In Compton scattering, the photon wavelength 


changes by 


4 h A 
Nhe (1 — cos 0). 


angle 0, the wavelength increases 
e, hv, < hvi. As a result of 
fers a fraction of its energy 


We see that in the case of 
by a larger quantity. Henc 


scattering, the photon trans "EY 
to the electron, and the energy that the electron receives 


is the greater, the smaller the energy of the photon after 
scattering, and hence the greater the value of 0 is. 
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9. Atomic and Nuclear Physics 


9.1. The protons move toward each other until their 
relative velocity becomes equal to zero. When the velocity 
is zero, the incident proton slows down and the immobile 
proton begins to accelerate, so that the distance between 
the two protons starts to increase. According to momentum 
conservation, when this happens, mv, becomes equal to 
2mv, where v is the velocity of both protons at the moment 
when the distance between the protons is minimal. At 
this moment both the velocities and, hence, the kinetic 
energies of the two protons are the same. The difference 
between the initial kinetic energy of the incident proton 
and the total kinetic energies of the two protons is equal 


to the energy associated with the interaction between the 
protons: 


mvj 9 m(v/2)? — e 
2 zi 2 4n£gr " 
whence 
a= e 
EECUTE 


9.2. Assuming that ionization occurs as a result of a 
completely inelastic collision, we can write 


mva = (m + mg) u, 


where m is the mass of the incident particle, my the mass 
ofa hydrogen atom, v, the initial velocity of the incident 
particle, and u the final common velocity of the particle 


after. collision. Prior to collision, the kinetic energy of 
the incident particle was 


Wo = mv?/2. 


The total kinetic energy after collision is 


W — mdmg)u ee mA? 
2 Ee: 2(m--my) * 


The decrease in kinetic energy must be equal to the ion- 
ization energy: 
W,—W-w,-—. "nu 7 

0 W,— ER Wo 


The greater the m 
the fraction of th 


316 


ass of the incident particle, the smaller 
e Initial kinetic energy that can be used 


for ionization. When an electron is used as the ionization 
agent, the initial kinetic energy of the electron is almost 
completely used for ionization. When an accelerated ion 
of hydrogen is used for ionization, the initial kinetic 
energy must double that of the electron, and when ion- 
ization is initiated by a helium atom, the energy must be 
live times that of the electron. This estimate explains 
why in a gas-discharge plasma, ionization is initiated 
almost exclusively by electrons, while ionization by the 
proper ions plays practically no role. 

9.3. The kinetic energy of the electron in a hydrogen- 
like atom is 

metz? 


y —— ———— 
Wi - Bezn2h? 


, 
while the potential energy is 


mei1Z? 
W pot = -T 3 
4egn?h 


As n grows (i.e. as the electron moves to higher levels), 
Wy, decreases in inverse proportion to z?, while Woot 
grows, tending to the maximal value of Wpot = U as 
n —- oco. The total energy, 

me!Z? 
^ Begn?A? C 


W= 


also tends to zero as n —> co. The minimal value of the 


total energy is 


> meiz? 
Win — SAT OC 


Obviously, to detach the electron from the atom, the 
following work must be performed: 
meiZ? | — mei? 
A= Wyax— W mn = 0— ( — ar) — BeMP 


tity to the elementary charge e is 
tial. This is the minimal 
ticle of infinitely small 
y charge (practically an 
tom to become ionized. 
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The ratio of this quan 
known as the ionization poten 
potential difference that a par 
mass and carrying the elementar 
electron) must pass for the given a 


9.4. The wave number of the emission lines of a hydro- 
gen-like atom (when an electron “travels” [rom one 
quantum level to another) is given by the formula 

zt 1 1 

ve R25 ui) s 
where H is the Rydberg constant. For a nucleus of infinite 
mass, 


R= met 
9? Bec * 


For a nucleus that has a finite mass M we must substitute 
the reduced mass 


_ m 
E= An] 


for the electron mass m. Assuming that the electron energy 
is zero at infinity, we arrive at the following formula for 
the energy level with the principal quantum number n: 


ch 1 
Wam Hsc 1-m/M * 

This formula shows that the greater the mass of the nucle- 
us, the deeper are the levels of the nucleus and the greater 
the separation of the levels and the higher the frequency 
of the spectral line reflecting the transition between levels 
with the same initial quantum numbers and the same 
final quantum numbers. Of course, since m « M, the 
difference between the corresponding values is small, 
but for hydrogen and deuterium it is sufficiently high. 
The aforesaid implies that system Z belongs to deuterium 
and system 2, to hydrogen. 

9.5. An ionized helium atom belongs to the class of 


atoms known as hydrogen-like, for which the following 
general series formula is valid: 


V=RyZ? (4 1 Ji 


where Z is the proton number. The Rydberg constant for 
an atom whose mass is M is 


Hy EN a 4 

x7 Hs Log (9.5.1) 
B es ignore the difference between the Rydberg constants 
or hydrogen and a helium ion, then it can be assume 
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that the lines of the first coincide with those of the second. 
This occurs if 


4 x : )- — 
Me — "He kh ni 
In the Balmer series, k = 2. We set ny = Nye = oo. Then 
kue =4 and nye = 6, 8, 10, 12, 


In the spectrum of a helium ion, between these lines are 
the lines for which nne = 5, 7, 9, 11, .... These lines 
are also shown in the figure accompanying the problem. 
We note, in connection with formula (9.5.1), that since 
Rye > Ru, the lines of a helium atom correspond to 
slightly higher frequencies than the corresponding lines 
in the Balmer series. 
9.6. For a doubly ionized lithium atom, Z = 3. For 
this reason the spectral lines of the lithium ion are des- 
cribed by the general series formula 

ss 1 1 

S-9R (mi) 
For the Balmer series we have ky = 2, whereby only the 
lines of lithium that obey the relationship 9/Àj; = 1/4 
can be found in the visible spectrum. Hence 


kri = 6. 


The last line in the Balmer series corresponds to a value 
of the principal quantum number ny being equal to 6. 
The corresponding line for lithium exists at 9/n]; = 1/6, 


that is, at 
ni = 18. 


Thus, in the spectral region of the first four lines of the 
Balmer series the overall number of lines is 12 (mi = 
7, 8, 9, 10, 11, 12, 13, 14, 15, 16, 17, 18). The lines 
with nj; = 9, 12, 15, 18 lie close to the linesin the Balmer 
series with ny = 3, 4, 5, 6. Since there is a small 
difference in the values of the Rydberg constant, these 
lines do not coincide exactly. The difference is somewhat 
greater than in the case of the Pickering series. —. 
9.7. The electric field in which the electron is moving 1$ 


pu (9.7.1) 


e 
4ngg? ' 
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where r is the radius of the electron orbit according to the 
“classical” Bohr theory. In the ground state of the hydro- 
gen atom, the radius of the orbit is r, W x 10 En 
Formula (9.7.1) then yields the following value for the 
electric field strength: 


E = 5.15 x 10! V/m, 


which exceeds all practically attainable field. strengtlis 
by several orders of magnitude. However, il an electron 
is moving along a circular orbit which corresponds. Lo 
a value of the principal quantum number that differs 
from unily, the radius of such an orbit is 


r= nnn, 


and the electric field strength proves to be inversely pro- 
portional to n?. If, say, n = 10, the electric field lies 
within the limits of practically attainable fields. Indeed, 
the ionization of highly excited states of the hydrogen 
atom by an electric field was actually observed 
periments. 

9.8. Optical transitions between the ground state of 
helium and the 2!S and 235 states are forbidden by selec- 
tion rules. Although the selection rules that forbid such 
transitions are not absolute, they nevertheless permit 
defining the 24S and 238 states as metastable with life- 
times of the order of 10-3 s, which is an extremely large 
time interval on the scale of atomic processes. Excitation 
to such levels is possible in a discharge almost exclusively 
due to electron impact. What is needed for continuous 
generation of radiation is inverted population of levels. 
This becomes possible if the lifetime on the higher level 
exceeds considerably the lifetime on the lower level: 
with the result that the lower level has time to “get rid” 
of the electrons before new electrons arrive Indeed, the 
ee i the 28 and 3S atomic Slates is of the order 
of 1079 s, while the lifetime of state 2P is of the order © 


28 oe the first of the two transitions 3S —2P ane 
— 2P the qd d ek by a larger amount; mine 
1 à higher frequency corres s to tbl 
transition, and this Donor Bas in tho Viola alane 
; While the second transition corresponds 

ha lower frequency, A= 1153nm, which 
gion. 


in ex- 
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9.9. Since the length of all the vectors is the same, the 
absolute values of the angular momenta in all the states 
are the same, too. If the orbital quantum number is l, 
the magnetic quantum number m may assume 2l + 1 
different values. The figure accompanying the problem 
shows live different states. Hence, / = 2. The value of 1 
cannot exceed z — 1, whereby the minimal value of the 
principal quantum number is 3. The values —2, —1, 0, 
+1, 4-2 of the magnetic quantum number correspond to 
different orientations of the angular momentum vector. 
9.10. In a uniform magnetic field, a magnetic dipole, 
which is an object possessing a magnetic moment, expe- 
riences only a torque. For a force to act on a magnetic 
dipole, the field must be nonuniform. For an atomic mag- 
netic moment this force is defined by the expression 


Fe (9.10.1) 


where u is the magnetic moment of the atom. In formula 
(9.10.1) we assume that the vector of magnetic induction 
of the magnetic field generated by the atom is oriented 
along the lines of force of the external magnetic field and 
its direction coincides with that of the induction B 
of the external magnetic field or is opposite. In the first 
case the atom is pulled into the region where the field is 
stronger, while in the second case it is pushed out of that 
region. In the Stern-Gerlach experiment, the beam of 
silver atoms is sent through the (nonuniform) magnetic 
field and splits into two beams in accordance with two 
possible directions of the magnetic moment ofa silver 
atom. If there was no spatial quantization, the silver 
atom would be oriented at random and the beam would 
spread in all directions. The silver atoms in the beam 
are in the ground state, whereby the difference in orienta- 
tion is due to the different directions of the magnetic mo- 
ment of outer electrons in silver atoms. à 
9.11. The minimal wavelength in the X-ray spectrum 1s 
determined by the maximal energy which a MARRE. 
electron may transfer to the anode. This energy is e 
and, hence, 
NE d 
‘min ^ eff * 


d three-fold, the minimal wave- 
figure accompany- 
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If the voltage is decrease 
length increases three-fold, too. As the 


21—01569 


ing the problem shows, as a result of such àn increase 1n 
the wavelength the short-wave peak, which is one of the 
characteristics of the material of the anode, disappears. 
Separate characteristic peaks may disappear even when 
the wavelength corresponding to these peaks is longer 
than Amin if to excite the quantum level from which the 
transition that generates the radiation with the wave- 
length of a particular peak begins an energy higher than 
eU, is required. 

9.12. In infinitely deep potential well, the wave func- 
tion at the boundary of the well (x = 0 and z = l) is 
zero. Since the figure accompanying the problem clearly 
shows that the wave function does not vanish at the 
boundary, we conclude that the well is of finite depth. 
9.13. In a potential well of infinite depth the wave 
function at the "walls" of the well must vanish. This 
means that only states labeled by even numbers, e.g. 
2, 4, 6, etc., may remain. The distance between the 
nodes of a standing wave function is equal to one-half 
of the de Broglie wavelength: 


A h 


2 2m» ° 


The maximal value of 4 is a, which means that the electron 
velocity has a minimal 


lor value v = h/2ma, and hence the 
uM value of the electron energy is W min = h?/5ma* 
e 


by e width of the well decreases two-fold, the minima 
Xr m energy of the electron in the well increases four- 


al kinetic energy of the electron in the 
motion from left N HERO is Æ, to the right of the barrier 
- In the first c; > Broglie waye- 
aai i 1e first case the de Broglie wa 


^4 7 h/V 2mE, 
while in the second it is 
A My 2m (E — Pj. 


7 
The Wavelength ratio is in in 
refractive index 


ratio: 


E CEN NR E—P 
mo y = . 


3 
verse proportion to the 


322 


The right region can be considered as being less optically 
dense, whereby when the electron is moving from left 
to right the phase is retained, while when the electron 
is moving from right to left, the phase changes to its 
opposite. 
9.15. From the viewpoint of classical mechanics, for 
E < P this probability is zero in both cases, while for 
E > P it is equal to unity ("step" Z in Figures (a) and (b) 
accompanying the answer). From the viewpoint of quan- 
tum mechanics, however, in the first case for E<P 


(a) 


Fig. 9.15 


the probability is also zero, whereas for Æ > P the prob- 
ability is lower than unity (curve 2 in Figure (a) accom- 
panying the answer), since there is a nonzero probability 
of the electrons being reflected from the step, in other 
words, a fraction of the electrons moving from left to 
right begins to move in the opposite direction. Partial 
reflection takes place even when the potential energy to 
the left of zy is greater than the potential energy to the 
right of zy rather than lower. For the potential barrier 
depicted in Figure (b) accompanying the problem there 
is a nonzero probability of the electrons tunneling through 
the barrier even when Æ < P, but this probability does 
not become equal to unity even when E > P (curve 2 
in Figure (b) accompanying the answer). The passage of 
electrons through the potential barrier when £< 


iti mier he ini idth 
under litions that the barrier has a finite wid 
ne pee the right of the barrier 


and thi e potential energy to t 
is e cai than to the left of the barrier becat 
known as the tunneling effect. This effect is und 
in many atomic and nuclear processes and in t le i 

emission of electrons by metals and semiconductors. m 
probability of electrons passing through the banien o 
E < P is the higher the lower and narrower the barrier- 
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i ; ze function does not obey the 

9.16. P In region 17, the ke ate This happens 

sinusoidal law; it falls o expone jéswliunanscaLivd 

within the framework of classical mechanics w len a neg: ires 
kinetic energy is assigned to the ele 

\ tron, or Æ< P. The passage of the 

| electron into region III, which A 

forbidden from the classical an a 

point, can be observed in Sop cin 

the width of region JJ is sufficiently 

small (of the order of the electron wave- 

length in region I) and if the differ- 

ence between P and E is not too great 

(see Problem 9.15). This phonomengn 

(the tunneling effect) resembles t ne 

Partial passage of light across ee 

Fig. 9.16 narrow gap between two prisms pen 

the figure accompanying the ae 

with the incident light experiencing total inter 

reflection in the first prism. TNT 

9.17. The statement that the energy of the vibratio "i 

motion of atoms or molecules in a crystal lattice 1s bes 

at absolute zero contradicts one of the main principles o 

quantum mechanics, the uncertainty principle. oes 

kinetic energy is 7670, so is the momentum. But if in 

atom or a molecule is àt rest, its position is fixed. n 

other words, each coordinate and the projection of pud 
mentum on the respective coordinate axis are known wit 

absolute accuracy. Meanwhile the wave properties js 
i permit determining the collection of a e reap 

and the respective projection of momentum within the 


: : n MUR 
intervals Ap, and Az, where in accordance with the ur 
certainty principle 


Ap, Ax > h/2n. 


For this reason the energy of the atoms or molecules of 


a crystal is not nil at absolute zero. The motion of go 
objects is vibrational (zero-point vibrations), and t 
energy associated with 


this motion is the zero-point 
energy 


eS ee 
E= zlv= qo 
Where w is the natural cyclic frequency of the vibration 
of a particle in the lattice. The existence of zero-pol! 
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vibrations has been proved in experiments. They manifest 
themselves in light scattering in crystals at temperatures 
close to absolute zero. 

9.18. The diffraction of electrons by a crystal obeys the 
same Bragg law as X-ray diffraction does: 


2d sin 0 = ka. 


In this formula 4 = h/mv is the de Broglie wavelength. 
Substituting the necessary constants (the electron mass 
and charge and the Planck constant) and transforming 
the units of measurement, we arrive at the following 
formula*: 


a=) 15/0 nm. (9.18.1) 


According to this formula, diffraction maxima are ob- 
served for the following wavelengths: Ao (Æ = 1), (1/2) Ao 
(k = 2), (1/3) 4 ( = 3), etc., with the voltages that 
determine the electron energy being Uo, Uo y 2, Us y3, 
etc. If on the horizontal axis we lay off the square roots 
of the values of the accelerating voltage, as is done in 
Figure (b) accompanying the problem, thecurrent maxima 
must be spaced by equal distances. In experiments, 
however, this condition is not met exactly, and the smaller 
the voltage the greater the deviation from this pattern. 
The reason for this is that formula (9.18.1) contains the 
energy (in electron volts) of an electron inside the metal, 
and this quantity is the sum of the energy acquired by 
the electron in passing the potential difference and the 
difference in potential energies of the electron inside and 
outside the metal. Therefore, along the horizontal axis 
in Figure (b) accompanying the problem we must lay off 
VU + © rather than V U, where © is the internal po- 
tential in the metal. The quantity measured in experi- 
ments is, of course, U. Electron diffraction patterns 
obtained as a result of electron scattering on a metal 
lattice make it possible to obtain QD. 

* Here U is the potential difference through which the electron 
travels and, hence, the electron energy expressed in electron 
volts. 

9.19. The stability of a nucleus is ensured by the fact 
that the Coulomb repulsive force experienced by each 
proton in the nucleus is equal to the force of nuclear 
attraction (the nuclear force). The Coulomb force falls 
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off with distance relatively slowly (in inverse proportion 
to the square of the distance), while the nuclear force 
falls off very rapidly. For this reason the protons are held 
in the nucleus only by the closest neutrons, while expe- 
riencing the repulsive action of all the protons in the 
nucleus, even those farthest from a given proton. Thus, 
as the general number of nucleons grows, more and more 
neutrons are required so as to compensate for the growing 
action of the Coulomb repulsive forces. 

9.20. According to the Pauli exclusion principle, a single 
quantum level can carry no more than two identical 
particles with half-integral spin. The directions of the 
Spins must be opposite. In a nucleus such particles are 
the nucleons, protons and neutrons. Since these are dis- 
tinct particles, there can be not more than four nucleons 


on the lowest level—two neutrons and two protons. 
9.21. If V 


a ois the number of radioactive atoms in the 
radioactive sample at the beginning of counting and 4 
y 

10 


roe 


m Ta T 
—— l 

Fig. 9.21 
is the decay constant, then 


É at time t after the beginning 
of counting the number of j 


atoms will be 
N = Npe, (9.21.1) 
The rate with Which this number changes is 
dv 
“de = AN eM = LAN, 


A counter registers only the radioactive particles tbat 
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fly in its direction. The fraction of such particles in the 
overall number of radioactive parlicles emitted by the 
sample depends on the size and position of the counter 
and can be characterized by a factor a (with a < 1). 
Thus, the counting rate can be expressed in the form 


dN 
y= a| Sr | - ove. 


Taking logs, we get 
log Y = log (aN A) — M. 


To determine the half-life of the radioactive element, 
there is no need to measure the slope and find the A vs. t 
dependence and, using the well-known formula, to cal- 
culate Tiza Suffice it to lay offin any place on the vertical 
axis a segment equal to the logarithm of two (irrespective 
of what logarithms are laid off on the vertical axis, base-10 
or base-o) and draw through the end points of this seg- 
ments straight lines parallel to the horizontal axis. 
The points at which these straight lines intersect the 
experimental straight line that represents the variation 
in the rate of counting determine the boundaries of the 
time interval in the course of which the counting rate 
decreases by a factor of 2. Since the experimental law 
representing the decrease in the counting rate with the 
passage of time coincides with the law representing the 
decrease in the number of radioactive atoms (9.21.1), 
this time interval is the sought half-life. 

9.99. A shift to the right by one place in the Periodic 
Table occurs as a result of a beta decay act. The mass 
number does not change in this act while proton number 


increases by unity. Hence, 


m m 0 
na™ — ub" + iB, aD" anat Tap. 


aces occurs in alpha decay. 


A shift to the left by two pl 
while the proton 


The mass number decreases by four, 
number decreases by two: 


=: 4 
wig” ii na" tel: sHe. 


of the resulting isotope of atom a 
by four units. 
transformalions are the 
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m 
The mass number 
differs from the initial number 

Examples of such radioactive 


chains of transformations in the *8U and Th families: 


SU — "Th > Ra > fT > HT, 
Th — Ra — Ac > Th — Ra, 


9.23. In the course of the time interval d£ the number of 
nuclei of the new element (the “daughter” nuclei) changes 
thanks to the emergence of new nuclei as a result of the 
decay of initial (or “parent”) nuclei and the departure 
of new nuclei as a result of their decay: 


dN, = NM dt — Nt. 


Here N, is the number of parent nuclei and N, is the 
number of the daughter nuclei at the given moment. 
According to the law of radioactive decay, 


N,=N,e-™!~. 
Thus, 
dN, — MN ae-hi dt — AN, dt, 
or 
DI LAN, = MN eht, (9.23.1) 


We start by considering the limiting cases. 

(1) Ay 29 Ag. If we rewrite (9.23.1) in the form 
d (N2/No) Na e 
CAE A N, TMe ht 

and assume that after 

e^! = 0, we obtain 


Ny _ Ny 


E 
NU eh. 
With 4, > A, we can assume that Vy. = No, so that 
N,— Net, 
Physically this means that parent nuclei practically in- 
stantly transform into daughter nuclei, which then decay 
according to the law of radioactive decay with a certain 
decay constant. 
(2) 1, < Ay. In this ca 
can be assumed 
interval and ise 


a small time interval we can set 


ise the number of parent nuclei 

to remain constant over a sizable time 

qual to N,. This transforms (9.23.1) into 
. dt ^ —OSN,— AN, 

Which after integration yields 


N=, (1 —6-^20. 
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" 
The number of daughter nuclei tends to a constant (satu- 
ralion) value (see Figure (a) accompanying the answer): 


A 
N,= Ax No. (9.23.2) 
Of course, over a long time interval this number will 


decrease in accord with the decrease of the number of 
parent nuclei, whereby a more exact form of (9.23.2) is 


X 
Nye e Me™. 
An example of the case with Ay < À, is the radioactive 


decay of radium *$Ra with a decay c 
\ eRe é y constant equal to 
1.354 x 10-1 s-! (a half-life of 1622 years). Its oho 


(b) 


Fig. 9.23 


is radon Rn with a decay constant equal to 2.097 X 
10-9 s-! (a half-life of 3.825 days). If radium is placed 
inside a closed vessel, already after one month the amount 
of radon in the vessel will be only 0.496 less than the 
equilibrium amount, while the equilibrium amount, as 
shown by (9.23.2), constitutes only 6.46 parts to amillion 
of the initial number of radium atoms. 
To find the overall dependence of Na on t, we must 
integrate Eq. (9.23.1). The solution has the form* 
s. di eem. 
at a value of t equal to 


has a maximum qual 
ullify the derivative 


This expression 
be found if we n 


tm, which can 

dN,/dt: 
MUS 
a Ag— Ay 


s depicted in Figure (b) accompanying 


The WN, vs. t curve i 
the answer. 
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* To integrate Eq. (9.23.1), we introduce a new variable, 
z= Net, This yields 


——— 4 AN.) ere! o7 hat iE 


: qr Met, 


ALN, = 
= (Ao -3)t = 179 (a= (AeA)! __ 4 
dz=A, Moe di, z= EN ( ) 


ho— hy 
9.24. As the electron moves in the Wilson chamber, it 
gradually loses its energy to ion formation, and it is on 
these ions that drops of mist form, which make visible 
the track of the electron. This loss of energy results in 
a loss of speed, which means that the radius of curvature 


of the electron trajectory in the external magnetic field 
becomes smaller, since 


R = mv/eB. 


The wider part of the spiral corresponds to the beginning 
of the track, and the narrower part corresponds to the 
end of the track. If we take into account the negativity 
of the electron charge and the direction of its motion in 
the chamber, we can conclude that the magnetic field is 
directed toward the reader. 

According to Pauli's hypothesis, which was veri- 
fied in experiments, simultaneously with the escape of an 
electron the nucleus emits a neutrino (more precisely. 
an antineutrino), which is the parlicle that carries off 
à fraction of the energy released in beta decay and which 
has a momentum Whose vector sum with the nucleus 
momentum and the electron momentum is zero: 


2X4 > zuY^ lap. y. 


9.26. 'The proton and neutron masses can be considered 
practically equal. When the proton and the neutron col- 
lide, the Scattering angle after collision will be 90°, 
whereby after collision the direction of the neutron veloc- 
ity will also make an angle of 45° with the initial direc- 
tion of the proton velocity. Thus, after collision the 
Proton and neutron energies are practically the same- 

UA change in the direction of motion (following 
a collision act) by an angle greater than 90° is possible 
if the mass of the incident Particle is smaller than that 
of the particle that initially was at rest (in the laboratory 
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system). The mass of the atom and molecule of hydrogen 
is smaller than the mass of an alpha particle, while the 
mass of helium is equal to the mass of an alpha particle. 
The gas closest to helium in the Periodic Table that has 
a mass greater than that of the alpha particle is nitrogen. 
9.28. The relative velocity, according to the relativistic 
formula for velocity addition, is 

Wis vidus 

BRI 1-rv,vj/c? ' 


The velocity of the electron flying away from the accele- 
rator with respect to the accelerator is 

E 2v 

TF? 


while the velocity of the electron flying toward the ac- 
celerator is 


V. 


ossi 


The relative velocities of the electrons with respect to 
each other are: 

v 2v 
ab 4o v8/c? 


V. 


for the electron moving away from the accelerator, and 


qus Re Cer n. 
ba 14-v2/c? 


for the electron moving toward the accelerator, that is, 
they are equal in absolute value. 

For the sake of an example we assume that v = 0.9c. 
In this case the velocity of the electron flying away from 
the accelerator and the relative velocities of the electrons 
are related through the following formula: 


1.8 
Va = Vav = —Vea = qrar 57 09945. 


9.29. The statement carries no physical meaning what- 
soever. First, there is not a single physical quantity 
that can transform into another physical quantity (time 
cannot transform into area, ficld strength into length, 
and so on). Second, for processes in relation to which 
this statement is usually made, the common conservation 
laws, the energy conservation law and the mass conserva- 
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tion law, are valid, that is, if isolated systems are con- 
sidered. In the case at hand, these balance equations are 
as follows: 


E* = E +h 
for energy (here E* is the energy of the excited atom, Æ is 


the energy of the atom in the ground state, and hv is the 
photon energy), and 


m* = m + po 


for mass (here m* is the mass of the excited atom, m is 
the mass of the atom in the ground state, and Ho = hy/c? 
is the photon “mass”). 

The first balance equation expresses the law of energy 
conservation and the second, the law of mass conservation 
(for the same process). 

9.30. The ratio of the mass of a moving particle to the 
rest mass of that particle is 


m 1 


mo V 1— vje? i 


The kinetic energy acquired by a particle in an accelerator 
is determined by the following difference: 


W. = me? — me? = mge? ( f =1) 
kin 0' 0' VI oe 1 , 
whence 
mo^ Wrin 
mo — mc +1. 


For a fixed value of Wyn, the ratio m/m is the smaller 
the greater my is and, henc 


g 3 e, curve 2 corresponds to the 
particle with the greater rest mass. i 
9.91. If the kinetic energ 


: Y of the particle is Wyn, its 
velocity can be found Írom the équstion oy 


Wem = myc 1 
ec ak 


with the result that 


vi 
wie). 


If Wiin < moc?, we arrive at an expression for the velocity 
that is identical to the one following from classical me- 
chanics and electrodynamics: 


v = y 2eU,N [m,. 


The voltage across the cylinders changes its sign in the 
course of a half-period 7/2 — 1/2v, whereby the length 
of the cylinders must increase according to the law 


ns d 2eUo wij2 
In — 3, y mo NIS 


However, as Win grows, the velocity grows slower and 
slower. For instance, for v = 0.87c, v = 0.89c, and 
v = 0.90c we have, respectively, Wain = mc?, 2mc^, 
and 3m c?. For sufficiently high energies the velocity of 
the particle approaches that of light and the length of 
the cylinders does not change any more: l= clv. 
9.32. The operation of a cyclotron is based on the fact 
that the time a charged particle takes to perform a full 
circle in a magnetic field does not depend on the particle’s 
velocity. The time it takes the particle to complete 
one-half of a full circle, that is, the time in the course of 
which the electric field between the Dees reverses its 
direction, is xumv/Be. As the particle is accelerated, its 
mass grows according to the formula 

mo 
V 1—v/c? * 


The particle moving inside a Dee will gradually begin 
to get out of step with oscillatory electric field between 
the Dees. 

The electron mass is doubled already at an energy equal 
to 0.51 MeV, whereby the discrepancy between the time 
it takes the electron to make a half-circle and the period 
of reversal of direction of the field between the Dees 
becomes noticeable already at accelerating voltages of 
the tens of kiloelectronvolts. This, naturally, limits the 


possibility of accelerating to high energies electrons in 


cyclotrons. 
For ions, whose rest mass is greater than the electron 


rest mass by a factor of 10°, 10* or even 105, the effect 
of increase of mass with velocity manifests itself at much 
higher energies. But here, too; there is a limit of acce- 
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leration of such particles in a cyclotron. To overcome this 
difficulty, other types of accelerators have been designed, 
in which the frequency of the electric field or the magnetic 
field is varied in the proper manner (separately or 
together). 
9.33. The energy of the quantum that flies upward de- 
creases while that of the quantum flying downward in- 
creases, as a result of which the frequency of the first 
gels lower and that of the second, increases. The difference 
proves to be so small, that could be detected only after 
a discovery made by Móssbauer, whose name was later 
given to this eflect. An experiment in "weighing" the 
photon was conducted later by Pound. The results of 
these experiments are in full agreement with the theory 
of relativity. The present problem constitutes a simplified 
and schematized version of the idea of Pound’s experi- 
ment. 
9.34. Cerenkov radiation appears when the speed of 
light in the given medium is lower than the electron 
velocity. From the figure accom- 
panying the answer we can see 


t how the light wave is formed. In 
S the time that it takes the electron 
to cover a path AB the light covers 


i ài--- à distance AC, with 
Fig. 9.34 BAI 
= |AB| D 


Where c' — c/n is the speed of light in the given medium. 
The envelope of the waves emitted by different. points 


constitutes the wave front BC The figur i 
i a acc anyin 
the answer shows that ene 


AC 
RETE — cos 0. 


The refractive index is 


Postface 


Solution of the concluding problems in this Collection falls on the 
period when you are completing the general physics course in your 
college. It would be a mistake, however, to think that your studies 
in phys have come to an end. Physics will “pursue” you all your 
life unless, of course, you change your profession as engineer to 
that of opera singer or sports commentator, 

Today numerous fields of human activity require a knowledge ol 
physics, [rom astronautics to microbiology and from radio engi- 
neering to archeology. 

But what portion ol the physies studied in college will you find 
most needed in your future work? The laws? Naturally, one must 
know the main laws of physics, but I would not call this the most 
important aspect of your knowledge. The expression of a law or 
its mathematical formulation can be found in a reference book. 
This is even truer of the many specific formulas, such as the Poi- 
seuille formula for viscous flow or the formula for the capacitance 
of a cylindrical capacitor. 

Of course, the more formulas and laws that you remember the 
less frequently will you have to look into reference books and the 
more productive your work. And yet among the qualities that an 
engineer must have I would put first the ability to grasp the method 
required for a project. The aim of this book is to inculcate in the 
reader a taste for tho physical method of thinking. 

Solution of the majority of physical problems can be divided 
into four stages. 

The first deals with the physical model of the phenomenon in 
question. A qualitative picture of the phenomenon is formulated, 
allowing for the factors that could be important. The second in- 
volves a mathematical model. An equation is set up that in accor- 
dance with an assumed law connects the factors introduced in the 
first stage. In the third stage mathematics steps in, so to say. By 
solving algebraic, trigonometric, or differential equations one 
can oblain the sought quantity in the form of an explicit function. 
The difficulties that arise in the third stage are more easily sur- 
mounted if the student has mastered the respective sections of 
mathematics. Mathematics for the engineer is what a cutting tool 
is for the lathe operator or a soldering iron for the assembler of 
electronic circuits. 

Once the problem is solved, the very important fourth stage comes 
into the picture, namely, interpretation of the result obtained. 
The fourth stage is an analysis of the effect of the various para- 
meters on the quantity of interest to the investigator. x 
To illustrate what has been said, let us examine damped oscilla- 
tions, a common phenomenon known to everyone but not simple, 
nonetheless. : 

For instance, after performing several free oscillations, a pendulum 
finally stops; so does a load on a spring. The forces acting on t ie 
load are the elastic force exerted by the spring and the drag exerte 
by the surrounding medium (air). We assume that the alongat cn 
ol the spring is small and, hence, the elastic force obeys Hooke S 
law. We also assume that the drag is proportional to the rate 
of motion of the load. All this constitutes the physical model o 
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the phenomenon. {ts mathematical model can be built by uid 
Newton's second law of motion: the mass of the load multiplie 
by the acceleration equals the sum of the projections of the forces 
acting on the load. This is a second-order differential equation, 
which can be solved (or integrated) if we consider the existence 
of two constants that depend on the initial data (the third stage). 
The resulting rather cumbersome formula expresses the time 
dependence of the load’s displacement. The parameters in the 
formula are the mass of the load, the elasticity of the spring, 
and the resistance coefficient of the medium. g 
The analysis of the solution (the fourth stage) shows that a certain 
ratio of the parameters may produce periodic damped oscillations 
while another ratio may lead to aperiodic motion, 
Such an analysis is given in a number of problems in this Collection. 
Take a careful look at their solution and pinpoint the four stages 
mentioned earlier. Give Special conside 
accompanying the problems. Unfortunat 
ceive a diagram as a simple ill 
drawn when necessary. 
that resembles a cartoo; 
Often a student constr 
rectly but does not kn 
the axes. It is also d 
knowing how to interp 
things, the skill of knowing how to "re 
matical sense of the word, that is 
IS positive where the curve goes 
own, and is zero at points of m 


In conclusion I would like to hope that after you have finished 


college, far from being forgotten, physics will prove to be the 
real basis of your further d 


" our evelopment as an all-round person in 
this age of Scientific and technical progress, 


m 3 


.. Some Fundamental Constants* 


Numerical! Value 


|Ù ss -——— — —— 


Quantity - Symbol 
Gravitational constant G 
Speed of light in vacuum c 
Permeability of vacuum Wo 
Permittivity of vacuum [7] 
Planck constant h 
Planck-Dirac constant h 


Atomic mass unit 
Energy equivalent of 
{ amu 

Electron rest mass me 


Energy equivalent of me 
Proton rest mass _ Mp 


Energy equivalent of mj, 
Neutron rest mass mn 


Energy equivalent of mp 
Elementary charge (elect- e 
ron charge) 
Avogadro constant 
Faraday constant F 
Molar gas constant R 
Molar volume of ideal Vm 
gas at S.T.P. 


Boltzmann constant k 
Stefan-Boltzmann cons- c 
tant - 

Wien constant b 


Rydberg constant Roo 
Compton wavelength of A 
the electron 
Bohr radius 


a9 


6.672 x 10-11. Nm. kg? 
299 792 458 m.s-! (exact**) 
4n x 10-7 H-m-! (exact***) 
= 1.256 637 06144 H-m-! 
8.854 1878 x 10-12 F-m-'! 
6.62618 X 10731 J.s 

1.05459 x 10-34 J.s 

1.66057 x 10-27 kg 

931.502 MeV 


9.10953 x 10-91 kg 

= 5.48580 x 10-4 amu 
0.511003 MeV 

1.67265 x 10-27 kg 

= 1.907 2765 amu 
938.28 MeV 

1.674 354 x 10-27 kg 
—1.008 665 amu 
939.57 MeV 

1.60219 x 10-19 C 

= 4.80324 x 10710 esu 
6.02204 x 1023 mol-! 
9.64846 x 19-4 C-mol-! 
8.3144 1-mol-!.K-1 
22.4138 x 10-3 m3. mol-! 


1.38066 x 10-23 J.K-1 
5.6703 x 10-8 W.m-?-K-! 


2.8978 x 10-3 m-K 
1.097 3731 x 10? m=! 
2.426 309 x 10-12 m 


© £222 0.386 159 x 10-12 m 


0.529 177 x 10719 m 


* The numerical values of the constants are given with an accuracy 
such that corrections may occur only by several units in the last digit. 


** According to definition. 


w. According to the resolution of the Seventeenth General Conference 


on Weights and Measures, 
ject to further refinement. 


the value of this constant is defined as not SU?” 


